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Chapter I.  

Mechanical waves in the environment  

Most of the people live in cities in our modern life, in an area that lacks of the tranquility of 

nature and contrariwise it is full of traffic, industry and noisy machines even in the living space 

at home or in workplaces. The noise has been a significant factor only in workplaces but our 

life changed to the direction where anybody is exposed to this annoying environmental fact. 

High level noise can have health effect but low level noise can also make our concentration less 

or just disturb us in our everyday activities that will result in a less efficiency, wrong decisions 

or lower level of work. The noise is regulated already in several parts of the live. To understand 

the meaning of these regulations and to understand how we can reduce the risk we need to know 

the behavior of the mechanical waves that is the physical substance of the noise.  

However, the waves are present in more topics in the environmental physics. The same 

phenomenon appears in the field of electromagnetic radiation that has several very different 

types from the radio waves to the ionizing gamma-radiation. There are a lot common in that 

radiation that can be described in mathematical form. Therefore this chapter begins with a short 

summary of the mathematics of the waves (that knowledge will be used later at the laboratory 

practices using electromagnetic and ionizing radiation, as well) and an introduction to acoustic 

waves. The two practices are the basic measurements of noise, acoustic waves that are audible 

and directly important for people live. The other laboratory practice will investigate infrasound 

that has lower frequency than people can hear it. But infrasound is also appears as a 

consequence of industrial works and some everyday machines can radiate this, too. Infrasound 

has importance also in the simple environmental research and in those procedures that monitor 

the environment or those processes that are helpful to understand what is going on Earth.  

 

1. Mathematics of waves 

1.1 Introduction 

Waves are present in our everyday environment, in form of sound, noise, earthquakes, electro-

smog (the field generated by network frequency electric devices) radio waves, mobile phones 

or any other kind of wireless communication, but also in form of light, heat, ultraviolet 

radiation, X-ray or CT machines, or even radioactivity. Thus it is a very important part of 

environmental physics to understand the nature of radiation and waves. 

The question arises first, how one could mathematically formalize waves, or what are waves 

from a mathematical point of view. In the next subsections, we will review the general form of 

waves, the wave equation and its solutions. 

1.1.1 Radiation and waves 

Radiation is nothing else than wave propagation, we will see that any kind of radiation is 

equivalent to a wave. But what are waves? Let us take any spatially changing function, denoted 

by f(x). Here f can be any physical quantity that may depend on space x. Examples might be the 

displacement of a string (on any bowed or plucked string instrument, e.g. a violin or a guitar), 

but also the water level in a bowl of water or in a lake or sea. An everyday example for such an 

f value would be the density of cars on a highway; a more physical example is the local density 

of air when sound is propagating in it. A high-school example is the density of spirals in a 

spring. Figure 1. shows images of the above examples. 
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If we have such a function f(x), then it is clear that it is a time-varying function, note for 

example the water level in case of surface waves in a lake. Thus we may denote our function 

as ft(x), where the index t denotes the time. In the simplest case we have a  permanent 

propagating wave. How does such a propagating wave work? 

 
Figure 1.1 Examples of spatial functions that may behave as waves. 

 
Figure 1.2. Examples of propagating waves. The dashed line represents the same physical 

quantity after some given time. Note that the two curves are just moved by a fixed distance. 

Let us rely ourselves on the highway example now. The spatial coordinate x is then our 

location on the highway, while the value f is the density of cars at a given point. Let there be a 

traffic jam, i.e. the let car density be very large at a given section.. The value of maximal density 

is unchanged however, just it location is moving away. This may be formulated mathematically 

as follows. 

As noted above, the location of the maximal density depends on time. Then the following 

equality holds: 
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( ) ( )t t tf x f x x   , 

i.e. the density at time t and location x is the same as some Δt time later at a point behind by a 

distance of Δx. I.e. if the traffic jam now is here, then one hour (Δt) later it will be back by five 

kilometers (Δx). As the time is an equivalently important argument of the function, from now 

on we will note ft(x) as f(t,x). This way, the above equation is modified as: 

( , ) ( , )f t t x f t x x    . 

Figure 1. shows examples of propagating waves. 

1.2 Basics of wave propagation 

The equations in the previous sections are thus the basis of wave propagation. If however, our 

function f depends on time and space not separately, but through a simple formula of x-ct, then 

the equations are automatically fulfilled. I.e. any f(x-ct) or g(x+ct) function describes a 

propagating wave. Let us check how this is possible. Substitute one of the above functions in 

the above equation (it works similarly for the other one): 

( , ) ( , ) is transformed to

( ( )) ( ),

f t t x f x x t

f x c t t f x x ct

   

     
 

which is automatically fulfilled if 

    or   .
x

c t x c
t


   


 

This means that the constant c here is the velocity of the wave propagation. As a summary, one 

might say that at a given time (let this be t=0) the density snapshot is f(x), while at a time t it is 

f(x-ct). Clearly, g(x+ct) is a similar wave but with an oppositely directed velocity. 

 
Figure 1.3.: Examples of periodic and propagating waves. Clearly, after a time Δt a full period 

is reached if λ=cΔt. Thus the period is T=λ/c. 

1.2.1 Periodic waves 

We were talking about general waves until now. A usual wave, however, is periodic in space. 

If anyone would imagine a sea wave then it is definitely a periodic wave. Periodicity may be 

described mathematically as follows. A function f is periodic if a value λ exists such as 

( , ) ( , )f t x f t x n   
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for any location x and integer n. If this is true, λ may be defined as the wavelength of the given 

periodic function or wave. It is interesting that if the above spatial periodicity holds, then there 

will also be a periodicity in time and vice versa. Periodicity in time would mean that a value T 

exists such as 

( , ) ( , )f t x f t nT x   

for any time t and integer n. According to the previous equation for propagating waves, for 

Δx=λ and Δt=T and thus c=Δx/Δt i.e. c=λ/T one gets: 

( ) ( ( )), thus, due to the spatial periodicity

( ) ( ( )), i.e. there is a periodicity in time, 

f x ct f x c t T

f x ct f x c t T T

    

   
 

This means that if we have a spatial periodicity then we also have timely periodicity and the 

two are connected by c=λ/T, i.e. velocity is wavelength over period. Figure 1.3. shows this 

behavior. The periodic time or period T means that after this duration, the function (e.g. the 

density distribution) is exactly the same. One of such periods may be called an oscillation. We 

may also introduce the quantity called frequency. This is the number of oscillations happening 

during one second. Frequency is thus defined as ν=1/T, i.e. ν=c/λ. 

As usual mathematical functions we use are dimensionless; instead of f(x-ct), one should 

use dimensionless quantities in the argument of the function (note that the logarithm or sine or 

exponential of 1 cm is meaningless). Thus we will use a constant k to remove the spatial 

dimension, i.e. from now on our wave will be described by the function f(k(x-ct)). Let us open 

the brackets, and define another quantity: ω=kc. This way our wave will look like 

( , ) ( )f t x f kx t  . 

Note furthermore that the origin (zero point) of time and space can be chosen arbitrarily, 

thus in general a phase φ may also be introduced, thus the general shape will be f(kx-ωt+φ). 

Then the basic constants and the connections between them will be: 

,  ,  ,
c

k Tc
c


 


    

The general wave shape is a sine wave with arbitrary amplitude. Thus the most general sine 

wave is 

( , ) sin( )f t x A kx t    , 

the wavelength of this sine function is 2π however, and that of sin(kx) is 2π/k, thus here 

2 2
, , .

2
T

k

  
 

 
    

hence k is called the wave number. Figure 1.3. shows these values in case of a periodic 

function. 

1.2.2 Three dimensional plane waves 

We were discussing the simplest case until now, where there is only one spatial dimension, and 

the propagating or oscillating quantity (the “wave”) is also a scalar quantity. Let us make one 

step further where there are three spatial dimensions. Let the coordinates be x, y and z. In this 

case our function will be modified to  

( , , , ) ( )x y zf t x y z f k x k y k z t      , 
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where k is now a vector, and its scalar product with the coordinate vector is in the argument of 

the function. If time is constant, then the function f is constant also if 

const.x y zk x k y k z    

This is true for planes orthogonal to the vector k=(kx, ky, kz) (note the rules of scalar product of 

vectors). Because of this, the above formula is called a plane-wave. The propagation velocity 

can be calculated exactly the same way as before, it will however be a vector quantity here: 

2 2
, or  ,

k c

 
 

k c
c k  

if both k and c are vectors. Because of this, k is called the wave number vector. 

We of course may define a new coordinate system, where the direction of the vectors k and 

c are in the direction of the the new x’ axis. In this new coordinate system k=(k,0,0). Figure 2 

shows such a plane wave with a new coordinate system. It is clear from this that plane waves 

can be regarded as simple one-dimensional waves – everything is constant in the other y and z 

directions.  

 
Figure 2: A plane wave and its coordinate system. The value of the wave is constant on the 

noted y’-z’ plane, hence the name plane wave. 

 
Figure 3: A circularly polarized vector wave. The vector is always orthogonal to the direction 

of propagation, and is rotating around this direction as axis. 

1.2.3 Vector waves 

Another complication may be if the value of the oscillating quantity is not a scalar (as in case 

of density or displacement waves) but a vector quantity. It is a little bit more difficult to 

understand but also a quantity like E=(Ex, Ey, Ez) may be oscillating or propagating like a wave. 

Even though this propagation might happen in three dimensions, in case of plane waves, only 

one dimension has to be regarded. Thus a simple sine wave of the vector quantity E could be 

mathematically formulated as follows: 

0

0

0

sin( ),

sin( ),

sin( ),

x x x

y y y

z z z

E E kx t

E E kx t

E E kx t
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where of course the wave number k and also ω are independent of the direction (otherwise it 

would not be one wave but a superposition of several waves). The phase of each component 

might be different however. The value of each phase characterizes the spatial propagation of 

the vector. One simple example is, if  

0

0

0 (the wave is orthogonal to the direction of propagation)

sin( ),

sin( / 2),

x

y y

z z

E

E E kx t

E E kx t



 



 

  

 

i.e. Ex0=0, φy=0 and φy=π/2. This is called a circularly polarized wave, as shown on Figure 3. 

 

1.3 Oscillation  

1.3.1 The harmonic oscillator 

Before going into details of the origin of waves, let us discuss the more basic phenomenon of 

oscillations. Harmonic oscillators are present everywhere in our world: not only springs, clocks, 

antennas or radio sources contain them, but they are the basic building block of any material 

object: atoms or molecules in any solid objects are performing harmonic oscillations, and the 

temperature of the object corresponds to the strength of these oscillations. One could go even 

further in particle physics, but that is not the subject of present note. 

 

Figure 4: A simple harmonic oscillator: a body of mass m hanging on a spring. 

 

Figure 5: Illustration of the connection between harmonic oscillation and circular rotation. 

The simplest example of harmonic oscillators is a spring. The spring force, according to 

Hooke’s law is proportional to the extension of the spring, i.e. F=-Dx with D being the spring 

constant, while x is the extension. Figure 4. shows such a system. According to Newton’s law 

of motion, acceleration times mass is equal to the total force, thus 
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, i.e.

,

mx Dx

D
x x

m

 

 
 

with x  being the acceleration and m the mass of the body moved by the spring. This is a 

differential equation, where a function x(t) is searched the second timely derivative of which is 

proportional to the function itself. This differential equation can be solved and the result is: 

( ) sin( )   with   =
D

x t A t
m

    , 

where φ (the phase) and A (the amplitude) are arbitrary. Note that the parameter ω is called 

angular frequency, as the x(t) function presented above is similar to the x coordinate of a circular 

motion. This is illustrated on Figure 5. Thus the period of the motion is  

=2
m

T
D

 . 

This is the harmonic oscillator, one of the most basic phenomena in physics. The reason for 

that is the following: differential equations describing nature are mostly second order linear 

equations. The solution of such equations is usually an exponentially increasing function or a 

harmonic oscillator – the former leads to infinitely large values is thus not very common in 

Nature. Mathematically, the negative sign in the right hand side of the equation of motion 

ensures the result to be an oscillation; this negative sign comes from negative feedback. 

Negative feedback thus causes oscillation, while positive feedback causes limitless increase, 

leading to a cut-off or a crash of the system. 

1.3.2 Damped and driven harmonic oscillation, resonance 

In the above discussed case the oscillations were happening just by themselves, and were going 

on forever. In more realistic cases, there might be damping or friction however. Both slow down 

the motion of the system, as they act with a force opposed to the direction of motion. This force 

is usually proportional to the velocity (at least in case of damping), thus the equation of motion 

is modified to: 

0mx cx Dx    

 
 

Figure 6: Curve of a damped oscillation. 

The frequency of the oscillation is 

approximately the same as in case of a 

 

Figure 7: Output amplitudes in case of a driven 

oscillation. If the driving frequency is close to the 

resonance frequency (noted by a vertical line in 
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simple harmonic oscillator, but the 

amplitude is decreasing exponentially. 

the middle), the amplitude grows strongly. 

Without damping it grows beyond limits. 

The solution of this differential equation is a so-called damped oscillation equation. If the 

damping is not very strong (which would stop the system from performing even one single 

oscillation), the motion is an oscillation with gradually decreasing amplitude. The frequency of 

the motion will be almost the same, but, as mentioned before, the amplitude will decrease 

exponentially with a function of exp(-zt) with z being a damping factor, being proportional to 

the constant of the damping force c. Figure 6 shows a damped oscillation curve. 

In case of driven oscillations, besides the negative feedback force and the damping force, 

there is a driving force as well. One of the best examples is that of a playground swing, where 

the driving force is that of the person pushing the swing. Another example is when one tries to 

shake a tree, or when soldiers are marching over a bridge. In each case, the driving force is also 

a harmonic function of time. In these cases, resonance may occur. Resonance is the 

phenomenon where the amplitude of the system starts to grow, even though the driving force is 

of constant amplitude. It is beyond the limits of present note to discuss the details of resonance, 

but basic idea is the following. The driving force transmits packets of energy to the oscillator. 

The oscillator has an own typical frequency ( 2 /D m  in case of a spring), this is called the 

resonance frequency. If the frequency of the driving force is near the resonance, the oscillator 

can absorb the energy packets almost completely. Thus the response of the system depends on 

the relative frequency of the driving, compared to the resonance frequency of the system. If the 

two are equal, response amplitude will be very large, even beyond any limits if there is no or 

very small damping – this is called the resonance catastrophe. Figure 7 shows response curves 

of driven oscillation. 

 

Figure 8: Illustration of positive and negative interference. 

 

Figure 9: Illustration of beat in acoustics. 

1.3.3 Superposition of oscillations 

It is important to discuss the superposition of oscillations. In case of springs this would mean 

that two independent springs are affecting one single object. More important is the case when 
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two waves are superposed on each other: e.g. two water waves meet in a lake, or 

electromagnetic waves reach the same point. There are several possibilities for such a 

superposition. The simplest is if the two waves have the same frequency but might have a 

different amplitude or phase, i.e. 

1 1 1 2 2 2( ) sin( )   and    ( ) sin( ),x t A t x t A t        

with x1 and x2 being the two oscillations. The superposition of these two waves is a similar one, 

x(t)=Asin(ωt+φ), where the amplitude A and the phase φ can be calculated as follows: 

2 2

1 2 1 2 1 2

1 1 2 2

1 1 2 2

2 cos( ),

sin sin
arctan .

cos cos

A A A A A

A A

A A

 

 


 

   

 
  

 

 

We immediately see from this, that there is a maximum enhancement (or constructive 

interference) if φ1=φ2, while there is destructive interference if |φ1-φ2|=π. Figure 8 illustrates 

these possibilities (with A1=A2 there). There is a more complicated possibility, when the 

frequency of the oscillations or waves is different. Let us investigate such a case, with equal 

amplitudes and zero phases however. Here 

1 1 2 2( ) sin( )   and    ( ) sin( ).x t A t x t A t    

The sum of these waves is the following: 

* 1 2

* 1 2

( ) sin , where 
2

2 cos
2

x t A t

A A t

 

 

 
  

 

 
  

 

 

is the new, time dependent amplitude. This is interesting if the frequency of the two waves is 

almost the same, in which case  the new amplitude is almost constant. Figure 9 shows this 

effect. The observed phenomenon in this case is called beat in acoustics. It is observed when 

two tones are close in pitch but not identical: the resulting tone has the average frequency 

(pitch), but the amplitude is oscillating very slowly. For example, if one tone has the frequency 

of 440 Hz and the other has 441 Hz, then the resulting tone will be of frequency 440.5 Hz, but 

the volume will oscillate with a frequency of 0.5 Hz, i.e. the period of volume oscillation will 

be two seconds. This effect is often used to tune instruments, as the vicinity of unison can be 

recognized by this beat effect. 
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Figure 10: Superposition of two orthogonal oscillators with the same amplitude. Depending of 

the relative phase, the resulting shape is an ellipsis, a circle or a simple line. If the frequencies 

of the two oscillators are not equal, more complicated figures arise, the Lissajous curves. 

Another important possibility of interference or superposition is when the two 

superimposed waves are orthogonal to each other, i.e. x(t)=Asin(ωt) and y(t)=Bsin(ωt+δ). The 

superposition of the two will produce curve with the geometric equation of 

2 2
2

2 2
2 cos sin

x y xy

A B AB
    , 

which corresponds to a rotated ellipsis in general. It is a non-rotated ellipsis if δ=π/2 (or even a 

circle if A=B), and it s straight line if δ=0. Figure 10 shows more examples of superposition, 

also in the case if the frequency of the two oscillators is not the same. 

1.4 Origins of the wave equation 

One of the simplest waves can be made by a series of springs which are oscillating with a phase 

shift increasing with the distance measured from the first spring. Let us denote the expansion 

of each string by y, and the index of the springs by i, then the expansions as a function of time 

are: 

( ) sin( )i iy t A t   , 

where the phase shift shall be proportional to the distance, i.e. φi=kxi Here k is the 

proportionality constant. If substituted back, and changing i index to x variable, we get a regular 

wave equation:  

( , ) sin( )y t x A t kx  . 
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Figure 11: A simple system of springs and masses. The equation of motion of this system will 

be also the wave equation, as detailed in the text. 

This is however, a “fake” wave, since no information is propagating, just the phases of the 

springs show a wave-like behavior. A simple but real example is that of series of springs. Let 

all springs with spring constant D be connected, with objects of mass m between them, indexed 

by i. The displacement of each mass will be denoted by ui. The original distance of the masses 

is x0, thus the length of a string between the ith and the (i-1)th mass is  

, 1 0 1 , 1 1( ) ( ) ( ) ( )     i.e.    ( ) ( ) ( )i i i i i i i ix t x t u t u t x t u t u t         . 

The force acting upon the ith mass is thus, from Hooke’s law: 

       1 1i i i iF D u t u t D u t u t              , 

as two springs are connected to any single mass. Figure 11. shows this setup. 

The original location of the masses is proportional to their index, xi=i·x0. Thus instead of 

ui(t), we may write u(t,x) as well. In this case, the spatial derivative of u(t,x) may be written as 

         0 1

0 0

, , ,
( , )

i iu t x u t x u t x x u t u t
u t x

x x x

   
   


, 

(where the prime denotes spatial derivative) and similarly for the second spatial derivative: 

             

0

2
1 1 20

2 2

0

, , ,
( , )

i i i iu t u t u t u tu t x u t x u t x x
u t x

x x x

                 


 

i.e. the force from Hooke’s law is 
0

2 ( , )F Dx u t x   

Thus the equation of motion will be, according to Newton’s law 

   
0

0

22 2

2

2 2

, ,
( , ) ( , )    or alternatively   .

Dxu t x u t x
mu t x Dx u t x

t m x

 
  

 
 

This is the classic form of wave equation, a partial differential equation, generally written as 

2 2
2

2 2

u u
c

t x

 


 
, 

thus the wave propagation velocity in the above case will be
0

2 2 /c Dx m  or 
0

2 /c Dx m . One 

might imagine the waves propagating in this system: we displace one mass and then this 

displacement spreads over the whole system as a wave. 
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Figure 12: Bars fixed on a torsion wire. Torque is proportional to turning angle α. 

Another example is when bars with weights are fixed on a torsion wire. The torsion wire 

behaves like a spring, except that torque (M) has to be used instead of force, turning angle (α) 

instead of expansion and moment of inertia (Θ) instead of mass. Newton’s law of motion in 

case of circular motions is 

M   

where   is the angular acceleration, the second time derivative of the angle. For a torsion wire, 

the torque is proportional to the angle, i.e. 

M G . 

From here on, exactly the same derivation has to be performed as in the case of springs. The 

torque acting on one bar results from the relative angle of the one below it and the one above 

it, thus 

       1 1i i i iM G t t G t t                 . 

If we assume that the bars are equally placed, and the height difference between two is h, then 

the location of the ith bar is xi=i·h, thus again αi(t) may be replaced by α(t,x). Then the above 

equation, similarly to the previous case, may be transformed to contain spatial derivatives: 

2 ( , )M Hh t x  . 

The equation of motion will be finally 

2 2 2
2

2 2
( , ) ( , )    or alternatively   

Gh
t x Gh t x

t x

 
 

 
   

  
, 

and this is again a wave equation with wave propagation velocity c2=Gh2/Θ. The waves in this 

case are due to the torsion of the bars, i.e. this might be called a torsional  wave. 

Another example where the general wave equation turns out to be the governing principle 

of the motion of the system is the case of the continuity equation. Let us take a continuous 

medium with  locally varying density n and  velocity field v. An example for this might be when 

shockwaves are propagating in a medium after an explosion. We cannot detail the calculations, 

but the above statement can be formulated mathematically as follows. The time derivative of 

density plus the spatial derivative of density times flow velocity is zero, i.e. 
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0
n vn

t x

 
 

 
. 

In case of a constant flow, this means n vn  . The spatial derivative of this gives n vn   , 

while from the rearranged version one gets /n n v   . Putting it all together, the result is 

2 2
2

2 2

n n
v

t x

 


 
 

This is again the general wave equation, and waves are propagating with the constant v velocity. 

Another example for such a system would be the number of cars on a highway, if all cars have 

the same velocity. This is the simplest form of a wave; a spatial function is just shifted in space 

as time elapses. 

We have reviewed some systems the principal differential equation of which is a general 

wave equation. Now let us see how this partial differential equation can be solved, what kind 

of solutions we can find. 

1.5 Solutions of the wave equation 

Let our varying quantity be f(t,x) (this might be a displacement, a turning angle, a density or 

any other physical quantity that depends on time and space). Then the general form of the wave 

equation (in one spatial dimension) is 

2 2
2

2 2

f f
c

t x

 


 
. 

In order find a solution of the above equation we have to introduce new variables. This will be 

a=x+ct and b=x-ct. Clearly, ∂a/∂x=1, ∂b/∂x=1, ∂a/∂t=c, ∂b/∂t=-c. Thus with these new 

variables, the first derivatives may be expressed, using the chain rule of composite functions  

,

.

f f a f b f f

t a t b t a b

f f a f b f f
c c

x a x b x x x

      
   

      

      
   

      

 

The second derivatives can be calculated in a similar way, which we do not detail here, but the 

result is ((try to double check it): 

2 2 2 2

2 2 2

2 2 2 2
2 2 2

2 2 2

2 ,

2 .

f f f f

t a a b b

f f f f
c c c

x a a b b

   
  

    

   
  

    

 

Now this might be substituted into the wave equation, and the result: 

2

0
f

a b




 
 

There is a very general solution for this equation: 

( , ) ( ) ( )f a b F a G b   

with F(a) and G(b) being arbitrary functions. In terms of time and space, the general solution 

is then the following: 
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( , ) ( ) ( )f t x F x ct G x ct    . 

Thus we have found a general solution of the wave equation. It may be not surprising, but this 

form agrees  with the functions mentioned as general forms of waves at the very beginning of 

subsection 1.2. Function F is an advanced wave (going forward in space) while G is a retarded 

wave (going backward in space). As also mentioned in 1.2.1, our functions F and G have to be 

dimensionless. In order to have that, we shall introduce the quantity k with dimension m-1. Let 

us also introduce ω=kc, and then our function will be 

( , ) ( ) ( )f t x F kx t G kx t      

Everything we discussed before was in case of one spatial dimensions. However, in reality 

we have to deal with more than one dimension, usually three. Let us see how we can use the 

above result in three dimensions. 

1.5.1 Plane waves 

Let the spatial coordinates be x, y and z. Then the differential equation is modified to 

2 2 2 2
2 2

2 2 2 2

f f f f
c c f

t x y z

    
     

    
 

where the common Laplace differential operator or Laplacian 

2 2 2

2 2 2x y z

  
   

  
 

was used. A similar derivation can be performed as above, and the result is the same, but our 

new functions F and G will be also be defined in three dimensions (readers are encouraged to 

double check if these functions fulfill the above three dimensional wave equation: 

( ) ( ),

( ) ( ),

x y z

x y z

F kx t F k x k y k z t

G kx t G k x k y k z t

 

 

    

    
 

where k=(kx, ky, kz) is now a vector with c2k2=ω2. The scalar product of k with the coordinate 

vector (x, y, z) is in the argument of the function. At a given time F and G are constant also if 

const.x y zk x k y k z    

This is true for planes orthogonal to k, as discussed in 1.2.2 also. Thus the symmetry 

property. As mentioned there as well, a suitable coordinate system has to be chosen where 

k=(k,0,0), and then we are back at the one dimensional case. 

1.5.2 Spherical waves 

There are also waves originating from point-like sources, or one should say rather that almost 

all waves are originating from point like sources (e.g. an earthquake, a light bulb, an antenna or 

an explosion). For such waves, the above plane wave solution is not suitable. The symmetry 

property of these waves is not that they would be constant on parallel planes, but they are 

constant on concentric spheres, with the source being in the center. In order to find such 

solutions, one has to derive the spherical form of the wave equation. This means that one has 

to use spherical coordinates of radius r, azimuth angle φ and inclination θ. The coordinate 

transformation from (x, y, z) to (r, φ, θ) can be written as 
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The symmetry property is that the function depends only on r, but not on φ or θ. 

It is beyond the scope of present note to discuss the general wave equation in spherical 

coordinates. However, if the above symmetry property holds, then the derivatives with respect 

to φ or θ vanish. This makes the wave equation quite simple: 

   2 2

2

2 2

rf rf
c

t r

 


 
 

i.e. it is a simple one dimensional wave equation for r times f. The solution for this is well 

known: rf=F(kr-ωt)+G(kr+ωt). Thus the solution for f(t,r) is: 

( ) ( )
( , )

F kr t G kr t
f t r

r r

  
  . 

Thus spherical waves look exactly like plane waves, but their amplitude is decreasing 

inversely proportional with the distance from the center. This means that in case of a 

compression wave, the amplitude of the density oscillations is ten times smaller if the distance 

from the center is ten times higher. We will see later that the intensity of a wave is usually 

proportional to the square of the oscillation amplitude, thus wave intensity of spherical waves 

from point like sources usually decreases with the squared distance from the center. 

1.6 Fourier series 

We have seen that solutions of the different forms of wave equations contain arbitrary functions. 

As noted in 1.2.1, waves are usually periodic functions, thus in reality, the arbitrary functions 

F and G should be also periodic functions. However, in mathematics, there is a very important 

theorem about periodic functions about the existence of Fourier series of such functions. A 

Fourier series is a decomposition of any periodic function into the sum of an infinite set of 

simple oscillating functions, in particular sine and cosine functions. For the sake of simplicity, 

let us assume F has the period length (wavelength) of 2π. In this case, it can be decomposed as 

   
0

( ) cos sinn n

n

F x a nx b nx




    , 

where the coefficients an and bn can be calculated as 

   

   

1
cos ,

1
sin .

n

n

a F x nx

b F x nx

























 

Figure 13 shows an example. The function used there is a periodic function which is 1 if 

0x    and -1 if 0 x   . This can easily be decomposed into Fourier harmonics, we do 

not give the functions of the series but show the progression of the approximation in the 

mentioned figure. 



17 

 

Figure 13: Fourier series of a periodic function. After four approximations the sum converges 

significantly towards the function, i.e. the difference between the sum and the original 

function is not very large. 

This means that even though the general solution of the wave equation contains arbitrary 

functions, we have to deal with the harmonics only. Or otherwise, any other periodic function 

may be decomposed into the sum of harmonics, thus we will deal only with these harmonic 

components. In case of plane waves, the general solution is then 

( , , , ) sin( )f t x y z A kx t   

with k being the length of the wave number vector pointing in direction x (we have chosen the 

coordinate system according to the direction of the wave propagation). For spherical waves the 

general solution is 

( , ) sin( )
A

f t r kr t
r

  , 

where k is the wave number, a scalar. In both cases, the wave number and the frequency are 

arbitrary, but they are connected with the so-called dispersion relation kc=ω with c being the 

wave propagation velocity.  

Real solutions add up from many harmonic components of the above form, each with a 

different frequency. The spectrum of a radiation or wave is then the amplitude of all harmonic 

components as a function of their frequency.  

It is important to know that a similar theorem exists for non-periodic functions as well. For 

them the theorem states that for any function F(x) there exists an unambiguous function ˆ ( )F k  

the role of which is similar to the Fourier-coefficients an and bn mentioned above in case of 

periodic functions. Instead of a sum then an integral has to be used, and ˆ ( )F k  is called the 

Fourier spectrum of the function F(x). If the function is periodic, then the previous coefficients 

are retained, i.e. the Fourier spectrum is discrete and has non-zero values only in case of integer 

arguments. It is again beyond the scope of present note to go into details, but the readers are 

encouraged to study Fourier-transforms in textbooks or also on the web. 

The important message of this section is that regular waves or radiations can be decomposed 

to a sum of harmonic functions, and the amplitude of the components as a function of their 

frequency is the spectrum of the radiation. An important consequence is also that one has to 
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deal with harmonic functions only as any other function can be decomposed to them in form of 

a Fourier series. 

2. Mechanical waves 

2.1 Introduction 

In the previous section the mathematics of waves was discussed. Now let us see one of the 

main applications of this, the physics of mechanical waves. In case of mechanical waves the 

particles of a medium displace, thus these are called displacement waves. In most cases this 

entails the change in density as well, in which case we are talking about compression waves. In 

both cases, the wave is basically a disturbance moving through the medium. 

There are three main types of mechanical waves: transverse, longitudinal and surface waves. 

In the next parts of this subsection we will detail important examples of waves. 

2.1.1 Surface waves 

Let us discuss surface waves first. Surface waves propagate along the surface between two 

media, usually a fluid and a gas. It turns out that in case of surface waves the motion of particles 

of the surface describes a circle: they are moving up and down but also forward and backward. 

A typical example is that of ocean waves. Passive drifting of objects on the waves is also due 

to this circular motion – as the drifting object floats on top of the water, it always feels only one 

direction of motion from the circular movement. The most important property of surface waves 

is their velocity. In deep water the wave velocity c is 

2

2

g
c

 

 
   

with λ being the wavelength, α the surface tension of water, ρ the density and g the .gravitational 

acceleration constant. In shallow water however, the physics of surface waves is different, and 

there the wave propagation velocity is 

2
tanh

2

g d
c gd

 

 

 
  

 
 

in case of d  , where d is the depth of water. Cleary, in both cases, wave velocity depends 

strongly on wavelength. Usually fast wave corresponds to long wavelengths, thus in case of a 

tsunami or a storm, the waves that first arrive on the coast are those with largest wavelengths.  

2.1.2 Longitudinal and transverse waves 

In case of transverse waves, the motion of the particles is perpendicular to the direction of wave 

propagation. An example for this is an oscillating string of a musical instrument, or the so-

called audience wave (sometimes called Mexican wave) formed in a stadium when successive 

groups of audience briefly raise their arms or stand up. In case of longitudinal waves, the 

vibration of medium particles is parallel to the wave propagation direction. This is the type of 

wave when the density of the medium varies in time and locally, thus longitudinal mechanical 

waves may be also referred to as compression waves. Everyday examples of compression waves 

include sound waves and some type of seismic waves too. 

2.1.3 Speed of mechanical waves 

In gases and fluids, mechanical waves are generally longitudinal waves due to the weakness 

of shear forces compared to forces originating from pressure differences. (There are exceptions 
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like the great atmospheric waves.) In solid state objects however, transverse waves may also 

appear. In gases or fluids however, we are always referring to compression waves, which can 

also be referred to as pressure waves as with oscillation of density comes the oscillation of 

pressure as well. We will discuss this for the case of acoustic waves. Let us note here that the 

velocity of pressure waves (which may also be called sound velocity, as these waves are sound 

waves basically), in case of small density fluctuations, can be calculated according to the simple 

law 

p
c







 

i.e. the partial derivative of pressure with respect to density. This equation can be transformed 

to contain the bulk modulus or incompressibility. Its definition is (using volume V) 

p
K V

V


 


, 

which is positive as pressure increases if the volume decreases. Note that the volume is 

inversely proportional to the density. In case of a gas, the bulk modulus is approximately given 

as K=γp, with γ being the so-called adiabatic index of the gas (same as the heat capacity ratio 

or the isentropic expansion factor). Using this, the Newton-Laplace equation gives the velocity 

as a function of the bulk modulus, and thus as a function of the adiabatic index: 

K p
c 

 
  . 

Note that for ideal gases, pM=ρRT, where M is the molecular mass, R is the molar gas constant 

(8.314 J/mol·K) and T is the temperature in Kelvin. Thus the above formula may be written as 

K RT
c

M



   

In air, velocity of longitudinal or pressure waves (sound velocity) is well known 

experimentally. At 0 ºC temperature its value is 331 m/s, while for other temperatures, the 

experimental formula of 

331 m/s 
273.15 K

T
c    

holds, where T is the temperature in Kelvin. At 20 ºC temperature (293.15 in Kelvin) the speed 

of sound is 343 m/s, at 30 ºC it is 349 m/s. This is clearly compatible with the above formula, 

with γ=1.4 and M=29 g/mol for air (double check this result, i.e. substitute the above values 

into the formula with the adiabatic index and the temperature). Note that his formula will fail, 

however for very large temperatures, as the adiabatic index is also weakly depending on 

temperature (at 1000 ºC the adiabatic index goes down to γ=1.365, which is quite near 1.4). 

The speed of sound in different gases depends on their adiabatic index (which does not vary 

very strongly, typical values are between 1.2 and 1.6 for almost any gas at any temperature), 

but more importantly it depends on the molar mass. The molar mass of air was roughly 29 

g/mol, while that of hydrogen gas is only 2 g/mol, thus speed of sound in hydrogen is much 

larger, as shown above. It may reach values of approximately 1300 m/s. Note also that for 

monatomic gases, the adiabatic index is about 20% larger, thus the speed of sound of a 

monatomic gas is 10% larger compared to a non-monatomic gas having the same molar mass 

(c.f. CO2 and Ar). 
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In liquids, the speed of sound may also be computed according to the Newton-Laplace 

equation (the version with the bulk modulus). In fresh water at 25 ºC, the speed of sound is 

roughly 1500 m/s, i.e. much larger than in air. It depends however, on pressure (which depends 

on depth), salinity and temperature (depending also on depth). This is a very important topic 

for sonar’s and acoustic undersea communication. 

In solids longitudinal and transverse waves may travel too. Their velocity is different also. 

The velocity of longitudinal waves (sound waves, generating volumetric deformations) can be 

expressed with bulk modulus K and shear modulus G as 

4
3

K G
c




 , 

whereas the velocity of transverse waves (waves generating shear deformations) is 

G
c


 . 

Clearly, longitudinal waves are thus faster, while both are proportional to the stiffness of the 

material. Sound waves in steels have a velocity around 5-6000 m/s, in diamond it is 12000 m/s, 

while only a little bit more than 1000 m/s in lead. 

2.1.4 Seismic waves 

The most important example of waves in the earth are seismic waves, generated by earthquakes. 

In case of an earthquake, there are both transverse and longitudinal waves. The latter are quite 

faster, and they are called P-waves (primary waves), as they arrive first at a given point. 

Transverse waves are slower, they are called S-waves (secondary waves), and they arrive at a 

given point later than P- waves.. Typical velocities for a P-wave are between 5-8 km/s, while 

S-waves are about 60% of that roughly. Time difference is usually on the order of a minute. 

Figure 14. shows the velocities of S- and P-waves in different layers of the Earth. Figure 15. 

shows the waves originating from an example earthquake, and how they are propagating 

through the different layers of the Earth. Figure 16. shows a seismogram of an earthquake as 

measured by a seismograph (velocities of ground motion are plotted on the vertical axis). 

This velocity difference is a very important tool for geologists, as from the time difference 

of arrival of the different waves, the exact focus of the earthquake can be located. Do determine 

the location with a high accuracy, several measurement points have to be used. 

  

Figure 14: Velocity of seismic waves in several 

different layers of the Earth, as a function of 

depth (image from Wikipedia). 

Figure 15: Different waves originating from 

an earthquake are propagating through the 

Eeart (image from Wikipedia) 
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Figure 16: Seismogram showing S-waves and P-waves 

2.2 Acoustic waves 

Sound is a series of acoustic waves, waves of pressure propagating through a compressible 

medium such as water or a gas. During its propagation the particles of the medium are 

oscillating, and due to this oscillation, pressure and density are also fluctuating as a function of 

spatial coordinates and time. Let us see how these acoustic waves can be described with simple 

physical principles, using what we know about waves. 

2.2.1 Physics of sound waves 

Let the displacement of a given particle described by the following wave: 

 0 sinu u t kx   

where u0 is the maximal displacement of particles. Clearly, velocity of these particles is the 

time derivative, thus 

 0 sinv u t kx   . 

The local pressure of the medium can then be calculated: 

 0 sinp c u t kx     

where ρ is the density of the medium. Intensity of the sound is the energy flowing through a 

given area, or alternatively pressure times velocity. The average intensity is half of the 

maximum, and can be calculated as: 

max

0

2

2 2

max max

1 1 1

2 2 2

p
I p v c u

c
 


   . 

i.e. intensity is proportional to the square of pressure.  
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Figure 17: Curves of constant phon values as a function of frequency. Phon and decibel are 

equal at 1 kHz, whereas 0 phon corresponds to more than 60 dB at 20 kHz. 

The important physical quantities of sound are thus pressure or intensity. Note however, 

that our perception of sound is logarithmic, i.e. if a ten times stronger sound feels louder by one 

unit, then a hundred times stronger sound feels louder by two units. Thus a quantity reflecting 

this logarithmic perception has to be introduced. The name of this new quantity is sound 

pressure level, and the unit is decibel or dB (after A. G. Bell), and its definition is: 

10 10

0 0

20 log 10 log
p I

d
p I

     

because pressure and intensity are squared proportional. Here I0 and p0 are introduced to make 

the argument of the logarithm dimensionless. They are chosen to reflect the limit of audibility 

(I0=10-12 W/m2 or p0=2×10-5 Pa at 1 kHz), and the corresponding decibel value is 0 dB. A ten 

times more intensive sound is of 10 dB then, while a sound with ten times higher pressure 

amplitude is of 20 dB. Note that the constants in the definition reflect the audibility threshold 

only at 1 kHz, thus a 0 dB sound might not even be heard if it is at a different frequency. Thus 

a unit called phon is also used sometimes, where the dividing constant I0 is the audibility 

threshold for the given frequency. In that case, 0 phon is always the quietest audible sound. 

Figure 17. shows constant phon curves as a function of frequency. Clearly the audibility 

threshold is at 0 dB at 1 kHz, but at more than 60 dB at 20 Hz. The pain threshold is also plotted 

on the figure, this is the threshold where the sound causes already pain in the auditory system. 

At 1 kHz, this corresponds to 120 dB. 

More details about this subject are given in the description of the lab course “Environmental 

Noises”. 
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Figure 18: Vibrations of a string. Possible wavelengths can be described as 2l/n. 

2.2.2 Sources of sound, resonators 

Sources of sound are usually vibrating objects, such as a string, a drum surface, a vocal chord 

or the surface of loudspeaker. These objects were hit by a perturbation or are moved by a driving 

force and the frequency of the vibration is the resonance frequency of the given object. Usually 

however, they have many resonance frequencies thus the vibration can be described by an 

extended spectrum (see section 1.6). The simplest sound source is a string or a chord. 

Frequencies produced by strings are, each representing a different vibrating mode, 

2
   i.e.    

2
n n

nc l
f

l n
   

where l is the length of the string, c is the wave velocity on the string and n is an arbitrary 

number. The main sounded frequency is the first one, f=c/2l, the others are its overtones. Figure 

18 shows details of this. It is interesting furthermore, that the wave velocity can be calculated 

as 

F
c

A
  

where F is the stress force acting on the string, A is its cross-section area and ρ its density. 

Clearly the frequency of a string can thus be enhanced by increasing its tension – this is how 

musical instruments are toned. 

Source of sound may be also a membrane, as in case of drums or loudspeakers. The 

vibrating modes of a membrane are significantly different from those of a string. Ernst Chladni, 

a German physicist and musician discovered the law describing the frequency of vibrating 

modes of membranes. We do not detail this here, but readers are encouraged to look up “Chladni 

figures” on the Internet. Figure 19 shows a simple example. 

Besides the vibrating object, a resonator is also needed, as this will amplify the sound 

(enhance the sound level). The vibrating string or surface produces a spectrum of vibrations. 

The resonator is then driven by this vibration, i.e. it behaves as a driven oscillator (see section 

1.3.2). The resonator may be the body of a guitar or a violin, the mouth cavity (in case of speech) 

or the enclosure of a loudspeaker. These objects have a range of resonance frequencies, and if 

the range of driving frequencies (the vibration of the sound source) coincides with it (or the two 

ranges have common frequencies in them), resonance occurs and the sound level is significantly 

enhanced. 
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Figure 19: Chladni vibration modes of a guitar plate. Image from Wikipedia. 

The specific tone of a given musical instrument or of a person is determined by the 

resonance frequencies of the resonator, i.e. the body of the instrument or the mouth cavity of 

the person. On a string for example, all fn frequencies are sounded, but the resonator enhances 

them differently, shaping thus the tone of the instrument. 

In case of wind instruments, air enters into a flow-control valve attached to a resonant 

chamber, usually a cylindrical pipe opened at the far end. The resonance frequencies can be 

easily calculated here, we just quote the result here without details: 

4 (2 1)
    i.e.   

(2 1) 4
n n

l c n
f

n l


 
 


 

i.e. the wavelength of the principle tone is 4l, the next one is 4l/3, and so on. Note that the 

frequency depends here on the speed of sound as well. This depends on the temperature of air 

in case of regular musical instruments, or on the medium itself (note the “helium speech”). 

2.2.3 Sound propagation 

Sound is propagating in medium like a regular wave. It is reflected or absorbed by different 

surfaces; this is of crucial importance in noise protection, see description of the lab course 

“Environmental Noises”. Acoustic absorption happens if a given material transforms the 

acoustic energy of a sound wave into another form, usually heat. It is a method of sound 

attenuation, where the amplitude of the wave is reduced as a function of distance through the 

medium. Attenuation of intensity is generally described by the Beer-Lambert law (it is 

originally used in case of light, but holds for almost any type of attenuation): 

 0( ) expI x I x   

where I0 is the original intensity (when entering the medium), x is the distance covered in the 

medium, and α is the attenuation coefficient. This coefficient usually depends on the frequency 

even in case of a given medium. In case of ultrasound absorption in the human body at 1 MHz 

frequency, α values sweep the range from 0.002 (water) through 1 (muscle) to 10 (bones). 

Absorption is sometimes given also as a ratio of absorbed intensity to incident intensity, i.e. 

a=Iabsorbed/I0. Typical values for the absorption coefficient a in this case are: 0.01 (3 mm 

plywood panel), 0.1 (6 mm cork sheet), 0.3 (12 mm hardwood), 0.6 (100 mm mineral wool). 

Sound can also be bent arondslits, openingsor edges, this is called diffraction. It is governed 

by the Huygens-Fresnel principle: propagation of a wave can be described considering every 

point on a wave-front as a point-like source for a secondary spherical wave. In this note we do 

not detail this principle or wave diffraction but encourage the reader to look it up in physics 

textbooks or on the Internet. 
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3. INVESTIGATION OF ENVIRONMENTAL NOISE (ZAJ)  

 

3.1 Sound and noise 

Sound and noise are of the same age as the human race, they were there always along our 

civilization and development. Speech and music are among the most important aspects of 

human life, but the unpleasant feeling of noise was also always part of human communities. 

The indispensable need for silence to pursue creative acts often comes up already in the thoughts 

of Greek and Roman philosophers. Noise in this regard can be defined as any unwanted or 

disturbing sound. 

The world around us is more and more noisy. The industry requires more and more energy, 

more and more powerful and noisy machines; the development of transportation causes a large 

increase in the number and velocity of vehicles. To save time and trouble, there are more and 

more noisy machines in our homes as well. The classic and folk music of our predecessors was 

replaced by the loud pop, rock and metal music, which are amplified by enthusiasts by even 

more powerful amplifiers. 

The urbanization corresponding to our modern age caused a leap-like increase in the noise-

load of the urban population; this is mainly caused by large traffic and noises from the 

neighborhood in large residential areas. In taller buildings or offices the elevators and the 

ventilating devices represent new noise-sources. 

Many regard noise as necessary “accessory” of civilization, which one cannot, therefore 

should not fight. Others think that noise in our lives is beyond endurance, thus the available 

noise reduction is not enough, and the noise sources themselves should be eliminated from our 

surroundings. 

Clearly, noise as phenomenon has to be dealt with, as it is an important condition of our 

environmental state. Noise levels can be kept  at a level at which  healthy people can pursue an 

untroubled lifestyle. We have to know the technical and legal resources with which – with due 

technical knowledge and appropriate behavior – the noise sources working around us can be 

reduced to such levels. First of all, however, we have to acquaint ourselves with the nature of 

sound. 

For environmental physics, sound is such a mechanical vibration (wave), which is 

propagating in a flexible or elastic medium and it reaches the human ear, causing a sensation 

of sound. Mechanical vibrations here mean that particles of the given medium (mainly air, but 

might be water or carbon dioxide as well) are in motion. Alternatively, density of the medium 

is changing as a function of position  and time. Change of density in air means also the change 

in pressure, and this is what causes the sensation in our brain, reaching our eardrum and 

mediated by our hearing nerves. As for the sensation, person-by-person variability is quite large 

however. Thus the same phenomenon might case a different sensation for different people. 

There is a large uncertainty connected to the whole issue; for advancement an objective 

investigation (i.e. measurement) of sound or noise strength is needed. 

In our days many areas from traffic industry (cars, airplanes, noises inside and outside these) 

through architecture (noise load of homes, offices) to energetics (power plants, transformers, 

and simple electronical devices) are concerned by noise and its measurement. Acoustic aspects 
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have to be respected at the construction of almost any building, and the radiation principle 

ALARA (as low as reasonable achievable, i.e. reaching the lowest possible radiation level that 

makes meaningful activity still possible) makes its way into noise management. Thus we 

definitely have to know some simple theoretical and experimental facts and relations of the 

physics of sound 

The goal of present lab course is to recall our basic physical knowledge in the field of 

acoustics, and then, by some simple measurements, gain introspection into the challenge of 

measuring sound parameters. The tasks to perform are assembled such that we get to know a 

simple handheld sound measuring device. We will follow the limits of our measuring 

possibilities, and by asking and answering some interesting questions we will be more 

acquainted with the not at all easy field of acoustics. 

3.2 Introduction to the basics of acoustics 

 

3.2.1 Amplitude of sound pressure, sound intensity, decibel 

Sound strength depends on the pressure fluctuations of the medium, the amplitudes of the 

pressure waves. Latter is called the pressure amplitude of sound. Sound intensity is proportional 

to the square of pressure, we will see later, why. The smallest sound pressure that can be heard 

by the human ear is called audibility threshold. The upper limit of audible sounds is the pressure 

that already causes pain, this is called the pain threshold. The range between the two limits is 

twelve orders of magnitude large, i.e. the sound that causes pain is 1012 times i.e. one trillion 

stronger that quietest sound. 

It is very useful to look at the orders of magnitude when investigating sound strength, 

because – as biologists claim – stimulation and perception, i.e. the physical strength of sound 

and the generated sensation are connected exponentially/logarithmically. This means, that if a 

ten times stronger sound feels louder by one unit, then a hundred times stronger sound feels 

louder by two units, and a thousand times stronger sound feels louder by three units. 

This phenomenon can be formalized by introducing a new unit instead of sound intensity or 

pressure amplitude. This new unit should follow the scale of our perception. The name of the 

new unit is decibel or dB, named after the American inventor of the telephone, Alexander 

Graham Bell (1847-1922). The name of the unit is SPL – Sound Pressure Level, and the 

definition is: 
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10 log
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because pressure and intensity are squared proportional. Here I0 is the limit of audibility 

(defined as 10-12 W/m2 at 1 kHz), and the corresponding sound pressure is p0=3×10-5 Pa. I.e. 

the audibility limit is 0 dB (as it was already mentioned), the thousand times more intensive 

sound is 30 dB, and the million times more intensive is 60 dB (think about it).  
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3.2.2 Basics of the physics of sound 

In the previous parts we were talking about frequency, pressure and intensity. Let us clear the 

meaning of these quantities. Sound is a mechanical wave, i.e. during its propagation the 

particles of the medium are oscillating. Due to this oscillation, some volumes are tighter; some 

looser packed with particles, depending on the particles moving in to or out of the volume. 

When there are more particles in a given volume, then the density is clearly higher there. 

Because of this, however (due to thermodynamics) the pressure is also higher there. 

Thus sound waves mean that the local density of the medium is changing in time in a 

periodic way.  Besides that the waves depend of course on the coordinates as well, i.e. the 

density has a maximum at a given time.  

Let us try to follow that with simple physical equations. The deflection of the particles at a 

given time, at a given space-coordinate is given by 

  
c

xtfm   2sin
, 

where ξ is the deflection of a particle at space x at time t, while ξm is the maximal deflection 

(this corresponds to the strength of sound), and f is the frequency, c is the sound velocity.  

Then the velocity of the particles is 

  
c

xtfvv m  2cos
, 

where v is velocity, vm its amplitude (clearly fv mm  2  from kinematics). From this, 

pressure can also be calculated, the result is: 

  
c

xtfpp m  2sin
, 

where pm is the pressure amplitude, and pm=ρ0cvm, if ρ0 is the average density of the medium. 

Intensity of the sound is the energy flowing through a given area, and this can be calculated as: 
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. 

Unit of intensity is W/m2, and the stimulation threshold – corresponding to the earlier 

mentioned p0=3×10-5 Pa quantity – in these units is 1012 W/m2, as it can be calculated from 

sound velocity (340 m/s at 20 °C) and air density (1.2 kg/m3 at 20 °C). This relation is very 

different at different temperatures or media, i.e. sound velocity in water is much larger, 

1440 m/s. 

Frequency of the sound corresponds to the pitch of sound; low frequency sounds are “low-

pitched”, while high frequency sounds are “high-pitched”. The regular musical note A has the 

frequency of 440 Hz, i.e. here the air is oscillating 440 times per second. The musical note C 

(middle C) below that is has a frequency of roughly 260 Hz. Frequency of high C is twice that, 

i.e. roughly 520 Hz, that of high A is 880 Hz. Clearly one octave corresponds to a doubling in 

frequency, while to octaves correspond to a four times higher frequency. A 1024 times higher 

frequency is ten octaves difference. 
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Figure 20: Frequency and sound strength (SPL) of different ranges 

3.2.3 Sensitivity of the human ear as a function of frequency 

The human ear is not uniformly sensitive, as we hear only sounds between roughly 20 Hz and 

20,000 Hz. Because of this the earlier description is valid only to a sound of a given frequency. 

Usually, corresponding to the official standards, the frequency of 1000 Hz is taken. Thus two 

40 dB sounds can generate a different perception, if their frequencies are different. This is 

illustrated on Figure 20. 

Measure of sound level (SPL) is thus decibel (dB). During one measurement, however the 

audible sounds are spread over a large range of frequencies, and, as shown on Figure 20, lower 

sounds are less loud than high ones. Thus when performing a measurement, strength of sounds 

is weighted to make sounds that are more perceived “count” more than those ones barely heard. 

The standard weighting filter that models the frequency dependence of human hearing is called 

“A”-filter. The sound level (SPL) measured with such a filter is called A-level. 

Noise sources generate constant or variable noise. In noise protection variable noise is 

characterized by the so-called equivalent noise level. This is a time average of noise over a 

given time range, and it approximates subjective human noise perception. The quantity that 

describes equivalent noise level is Leq. This is measured by continuously monitoring the noise 

level and then averaging it on the required time. This time is usually a second or a tenth of a 

second. However, the noise of transformers and other devices is such that they are very loud 

for a very short time only, for example for a hundredth of a second. Thus an average over a 

second does not reflect this very sharp noise-peak, as the time average will be low. However, 

this kind of noise may also be very disturbing, as the eardrum might be harmed by very short 

but intense impulses as well, even if they are not perceived as loud noise. Thus both the average 

and peak of the noise carry very important information, both have to be measured. 
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3.2.4 Noise control 

Protection against noise can be done by reducing the number and strength of sources (more 

quiet cars, factories etc.), as well as by applying one or more layers of noise barriers. 

Generally flat, hard surfaces (concrete or metal walls, tiles) are good sound reflectors, while 

porous, soft materials absorb sound, thus latter materials are good tools to reduce noise in a 

noisy volume or room. Thin and/or light materials are bad noise barriers, while heavy, tense 

structures block sound from going from one side to the other, thus these are soundproof 

materials. 

3.3 Lab course tasks 

3.3.1 Background noise 

As a first task, let us measure the average background noise in the room. This should be done 

y setting the device to a half minute measurement time, then we measure noise while being in 

complete silence. The important quantity to write down is the equivalent sound level, the Leq 

value displayed by our device. 

 In order to be able to neglect the background noise, the measured results of the next 

tasks should be significantly (at least 20 dB) louder that the background. 

 It would be interesting to compare our results to the European Union standard for quiet 

bedrooms during the night, the 32 dB noise threshold. 

 Also note the maximal peak sound level marked my MaxP. This corresponds to the 

maximal value of the instantaneous noise. It might be not so disturbing for our ears as 

an equivalently high average sound level would be, however, it still might cause 

physical damage on the long run. 

 In the further measurements the above two values should be noted (Leq and MaxP). The 

calculation excercies shall only be done with the equivalent (average) sound level. 

3.3.2 Distance dependence of sound level and intensity 

The next task is to measure the sound level of a constant power source of sound or noise, as a 

function of distance from the source. For a constant source it is most convenient to us a mobile 

phone, with a ringtone or mp3 file that is homogeneous in time as far as possible, to reduce 

ambiguities as much as possible.  

The measurement should be performed as follows. We chose 5 or 10 seconds as 

measurement interval on the device, then we search for a ringtone on the mobile phone that is 

homogeneous in time at least for 5 or 10 seconds, depending on the previous setting. The 

homogeneity has to be investigated by starting the measurement at different times and checking 

the difference in sound level resulting from not measuring the same interval of the ringtone. 

Then we measure the sound level of the ringtone for several distances, which may be for 

example 5 cm, 10 cm, 20 cm, 30 cm, 0.5m, 1m, 2m, 3m and 4m. We plot a graph of sound level 

versus distance. Compare the largest value to the generally accepted value for pain threshold, 

120 dB. 

3.3.3 Estimating the power of the source 

With the previous graph we can calculate (estimate) the power of the source (the speaker of the 

mobile phone), as explained below. 
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Assume that sound is not absorbed (converted into heat) in the medium, and draw 

imaginary spheres around the source. The energy flowing trough these spheres per unit time is 

the same for all spheres, because no energy was lost in the medium. Imagine a hose that 

sprinkles water all around in the air. If one liter or water is sprinkled out in a second, then on 

all imaginary spheres (drawn around the sprinkler as source) one liter water is flowing through 

per second, independently of the radius, whether it is 10 cm or 1 m – because the water did not 

get lost during the sprinkling (we neglected the possibility of the water falling down on the 

ground). This is illustrated on Figure 21. 

 

 
Figure 21: Illustration to the propagation of sound from a point-like source 

Thus the energy per unit time flowing through the spheres of different radii is constant. 

However, the intensity is defined as energy flowing through unit area per unit time, i.e. 
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where P is the power of the source. This way we get a simple estimate how the sound intensity 

depends on the distance. Recall that the area of a sphere with radius R, i.e. being in a distance 

of R from the source is A=4R2. Using this one gets: 
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From this the sound level (d, measured in dB) depends on distance as:  
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Here I0 is the audibility limit, as mentioned earlier, while R0 is an arbitrary unit of distance 

(e.g. 1 meter), which had to be introduced to have a dimensionless measure of distance (one 

can take the logarithm only of dimensionless quantities). Clearly, the first part of the sum is a 

constant quantity, while the second one is shows the linear dependence on the logarithm of 

distance. 
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From the above one can deduce that if the previously measured sound level versus distance 

graph is plotted on a logarithmic distance scale, then one gets points fitting on a linear curve. 

Let us investigate this linear curve and the above relationship. Clearly, 
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because log10(1)=0. Let us then take the constant in the linear curve of the logarithmic plot 

above, this is the intersection of the curve with the vertical (y) axis. Let us call this value d0. 

Then from the earlier equaility, one gets: 
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i.e. 

0 /102

0 04 10
d
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thus by measuring d0, one can calculate the power of the sound source. 

Our task in this exercise is the following: replot the previous graph, on a logarithmic 

distance scale (by choosing a distance unit R0), fit the data points by a linear curve, determine 

the axis intersection d0, and determine the power of the source, based on the above equations. 

3.3.4 Testing of noise barriers 

At this point we will investigate the sound insulation of different materials. We will use our 

sound source applied earlier. Choose a suitable distance (e.g. 40 cm) and measure the sound 

level at this distance. Then put different materials between the source and the measuring device. 

First use a regular sheet of paper. Then use two sheets of paper placed right behind each 

other, then leave a 10 cm distance between the two layers. This illustrates the layered 

soundproof materials. Measure the sound level with the following materials as well: a 

newspaper, polystyrene foam (e.g. Styrofoam or “Hungarocell” in Hungary), glass and a door. 

Let us make a simple calculation here as well! If the sound intensity is reduced by I due to 

the material, this difference was absorbed (in form of thermal energy or heat) or reflected by 

the material. Using the area of the material and the time range of the measurement we may give 

an upper bound on the energy absorbed by the material. The required formula is 
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The intensity drop can be calculated as follows: 
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Try to estimate the absorbed energy of the different materials in the above approximation! 

Compare this energy, absorbed in a couple of seconds, to the energy needed to heat up a glass 

of water by one degree (this couple hundred Joules). Estimate, how much time would be needed 

to gather this energy by sound absorption (neglecting the transmitted heat by the water to the 

air). 

3.3.5 Testing of everyday noise sources 

In this last exercise we will investigate noises from our everyday environment. Adventurous 

students may measure the sound level of their shouts or screams – in this case however, the 

upper limit of the measurement has to be set to 120 or even to 140 dB. 

Then measure the noise on different, frequently visited or maybe isolated locations of the 

University Campus. The measurement interval should be set to half a minute in this case, to get 

a more realistic picture. 

Last but not least, investigate the noise of the surroundings of the University Campus (tram 

station of trams no. 4 and 6, wharf underneath the Petőfi bridge). Measure the noise here, and 

also the decrease of noise with distance. Nowadays houses may be built at least 30-50 meters 

from very busy streets, measure the noise reduction of the Irinyi József street from this distance. 

If there is time left, choose some noise sources and measure they average and peak noise. 

These sources may be the following: arrival or departure of a tram, engine noise of a car, arrival 

or departure of an elevator, a computer running on high power, or any other noise that is part 

of our everyday life. 

Organize the measured sound levels at your discretion; compare them to each other and to 

the pain threshold of 120 dB. Investigate connection between the personal disturbing effect of 

a noise to its objective sound level. 

3.4 Test questions 

1. What is the difference and connection between sound and noise? 

2. What is the intensity and sound level of noise? What are their definitions? 

3. What is the audibility limit? What numbers and units are connected to it? 

4. Which sound is perceived as louder, a 50 dB musical A sound or an equally 50 dB, but 

40 Hz frequency sound? 

5. What is the quantity denoted by Leq? What is measured by it and why? 

6. Which materials are good sound absorbers? And which are good as noise barriers? What 

is the difference? 

7. What is the definition of sound pressure level? And how are the quantities therein 

defined? 

8. How much energy is flowing through the 1 cm2 eardrum during one second, if a 

continuous sound of 50 dB is reaching it? 

9. Make a sketch of the frequency dependence of the sensitivity of the human ear! Where 

is the audibility threshold and the pain threshold? 

Chapter II.  
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Nonionizing electromagnetic radiation and fields 

This chapter collects some laboratory practices involving phenomena that are important in 

environmental physics, and correspond to that part of the electromagnetic radiation which has 

no ionizing effect. This part of the spectrum is called “nonionizing electromagnetic radiation”. 

As a frequency grows, this regime starts from radio waves, across the microwaves, infrared 

waves to the visible light and the ultraviolet light. Many aspects of these radiations are 

important for the sustainable environment and for the good living standards. Our three 

laboratory practices are in the topics of electrosmog and solar radiation. The electrosmog covers 

two frequency ranges the 50 Hz low frequency radio waves and the microwaves in the GHz 

domain. Both are often used in our civilized environment. The solar radiation are important 

mostly from the point of view of the energy, as it is one of the most promising source of the 

renewable energy sources. However, the technology to transfer it efficiently for a large portion 

of everyday demands has not been solved, yet. One of the highest efficiency tools is the heat 

collector. The practice will investigate a cheap test collector made of cans and the biologically 

interesting polarized light pollution that have innovative results nowadays. First an overview 

of the electromagnetic radiation is discussed as a framework of all these radiations. It is also 

the framework of the ionizing electromagnetic waves that is part of the next chapter.  

 

4. An overview of the electromagnetic field equations and waves 

Technology is being developed in huge steps these days. Vast amount of electric devices are 

used in our everyday life. Some of them operate on the global power network, using 50 Hz 

alternating current. Some of them communicate wirelessly, using electromagnetic waves, as in 

case of radio, mobile phones, Wi-Fi, Bluetooth or GPS devices. The microwave radiation inside 

a microwave oven is used to heat up food. Clearly, radiation, electric and magnetic fields are 

not localized in the given device, they might enter into the human body. They deposit their 

energy in our tissues, heat up the cells there, disturb the electric pulses of the human body or 

the nervous system; they can even interfere with the hormone production. 

In this part we will review the theory of electromagnetism i.e. Maxwell’s equations, and 

derive the phenomenon of electromagnetic waves from it. First we will explain the basic laws 

of electric and magnetic fields. Then we discuss the mathematical tools that are needed to 

convert these simple laws into Maxwell’s equations. 

4.1 Electric and magnetic fields and fluxes 

When describing electricity, the quantity of electric field strength is used. Field strength is a 

vector quantity, equal to the force that would act upon a unit charge placed at the given spatial 

location. It can be defined via the relationship: F=qE, where F is the force, q is the electric 

charge and E is the field strength. Sources of electric fields are for example point-like charges 

(e.g. an electron), but also time-varying magnetic fields, as we will see later. 

Basic signal of a magnetic field is, that it turns a compass to its own direction. From the 

torque of the rotation the strength of the magnetic field (the magnetic induction) can be 

calculated. Magnetic field is denoted by B. This is also a vector quantity, defined through the 

torque acting on the compass; a more convenient definition is through the force acting on a 

charge q moving with velocity v: F=qv×B. Sources of magnetic fields are moving charges or 

time-varying electric fields. Magnetic field is generated for example around a conductor with 

current flowing in it. 



35 

For both field strength’s we define so-called field lines. The tangent of these lines is always 

directed parallel to the field strength in the given point, while the density of the lines 

corresponds to the extent of field strength in the given point. The amount of field lines passing 

through a given surface is called the flux (Φ) of that surface. From this definition, for a surface 

of area A, the electric and magnetic fluxes are in case of constant fields: 

Φ ,

Φ .

E

B

EA

BA




 

What happens in case of locally varying fields, how can the flux be calculated? Of course 

in this case the area has to be subdivided into a large number of small surfaces where the field 

is almost constant, and the flux for each little surface has to be summed up. If the number of 

surfaces is large (i.e. the surfaces are very small) then the sum will be quite accurate. Then we 

take the infinitesimal limit, where the number of surfaces is infinity, and each surface is 

infinitely small. This is the usual method of integral calculation. The result in this case is 
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Figure 22: Illustration of a source-free vector field, having zero divergence (on the left), and 

of a vector field with a point-like source, i.e. non-zero divergence (on the right). The thick 

lines represent the boundaries of 3D objects, i.e. these figures are 2D cross-sections. 

4.2 Basics of vector calculus 

We will need the definition and rules of some basic operators in vector calculus. These are the 

divergence, curl and gradient operators. All are based on the Del operator denoted by the Nabla 

symbol. This is a differential vector operator, defined as 

, ,
x y z

   
   

   
 

i.e. its components are the partial derivative. This vector may act on a scalar function f(x, y, z) 

as 

grad , , , ,
f f f

f f f
x y z x y z

        
      

        
. 

This is called the gradient of the given function. What does this mean? Calculate the directional 

derivative of f(x, y, z), the derivative along a direction, like it would be a simple one-dimensional 

function f(s·e) where e is a unit vector in the given direction, and we take the derivative with 
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respect to s then. Some directional derivatives will be small, some will be large. It can be proven 

that in this case, the direction of the largest directional derivative corresponds to the direction 

of the gradient vector, and the same is true for its size. 

Let us now take a vector function, E(x, y, z). We mentioned earlier (in 4.1) the definition of 

the flux of this arbitrary vector quantity on a given surface. Let this surface be a closed surface 

(e.g. a sphere). Let us now divide the flux by the volume. This is a well-defined quantity for a 

given volume V with surface A. If the vector field has no sources, i.e. the field lines do not end 

or start in any point (but are closed or infinite lines), then the flux will be zero, as any field line 

that crosses the surface towards the inside, it will cross the surface towards the outside as well 

(it does not end inside the volume). However, if the field has a source, then the lines start from 

there, thus the flux will be non-zero if the volume contains the source. Figure 22. illustrates 

this. What happens if we start to shrink the volume infinitely, towards one point, as shown on 

Figure 22? It can be proven that this limit has a well-defined limiting value, which we call 

divergence, or it might also be called local flux density. The definition is: 

0 0

1
div lim lim

VV V
A

E EdA
V 


   . 

It can be proven mathematically, that divergences can also be calculated via the Del operator: 

 div , , , ,
yx z

x y z

EE E
E E E E E

x y z x y z

     
        

      
 

The square of this operator is called the Laplace operator, denoted by Δ (already mentioned in 

section 1.5.1). It is a scalar operator, acting on scalar functions. Its effect on a function f is: 

2 2 2 2
2

2 2 2
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f f f
f f f
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Let us now take a line integral of our function E(x, y, z) along a given closed curve. The 

value of this integral may be called the whirl or vortex of the field along the closed curve: 

l

C Edl  , 

where the curve is denoted by l. In a simplified picture let us think of the curve as it is a circle. 

In a detailed mathematical picture of course it is not true, but this simplified derivation of the 

meaning of the curl gives the most important part of it. Let us divide the value of the integral 

by the area of the circle. Let us start to shrink the area and take the limit when it closes it in on 

a given point. It can be proven that this limit has a well-defined limiting value, and it is called 

the curl of the given field. The definition is (note that curl is often called rotation, shortened by 

rot): 
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1
rot curl lim lim
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It can be proven, that the curl can also be calculated via the Del (or nabla, ) operator: 

 curl , , , ,x y zE E E E E
x y z

   
    

   
, 

 where the vector product or cross product is used, denoted by ×. 
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There are two important mathematical theorems connected to the curl and div operators. 

One is the Gauss-Ostrogradsky theorem, which states that 

div  
V A

E dV EdA   

if A is the boundary surface of volume V. This clearly follows from the definition of divergence. 

The other theorem is called the Stokes-theorem, stating the following: 

curl  
A l

E dA Edl   

if l is the boundary curve of area A. This also clearly follows from the definition of curl. 

4.3 Basic equations of electromagnetism 

4.3.1 Gauss’s law 

Now let us see what kind of physical consequences do the above laws lead? In case of 

divergence, the question is, what the sources of electric fields are. The answer of course is: the 

sources charges. Gauss’s law states that the flux of a closed surface will be proportional to the 

charges closed in. If the total charge in the given volume is Q, the law says: 

0 0

1 1
Φ ,   or alternatively    ,E

A

Q EdA dV
 

    

where ρ, the charge density has been introduced, and ε0 is the vacuum electric permittivity, a 

basic natural constant of value 8.85×10-12 As/Vm. This law can easily be checked in case of a 

point-like charge, the electric field of which is well known, thus it can easily be integrated on a 

given surface, for example on a sphere drawn around the charge as a center.  

For the magnetic fields, one may draw a similar consequence. There are no magnetic 

charges in Nature, i.e. magnetic fields are source-less. Thus the law for magnetic fields is: 

Φ 0   or alternatively    0.B

A

BdA   

Both laws may be transformed using the above mentioned Gauss-Ostrogadsky theorem: 

0

1
div      and    div  0E dV dV B dV


    . 

These equations hold for any volume, thus the quantities inside the integrals have to be equal, 

too. Consequently, Gauss’s law’s for electric and magnetic fields look like: 
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4.3.2 Faraday’s law, Ampere’s law 

According to Faraday’s law of induction, potential difference orvoltage is induced in a closed 

loop shaped conductor, if the magnetic flux of the area closed in by the loop is varying in time. 

The induced potential difference will be the time derivative of the magnetic flux going through 

the given area: 

ΦB
indU

t
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where the negative sign is due to Lenz’s law, which states that an induced potential is always 

in such a direction as to oppose the motion or change causing it. However, electric potential 

difference along a line l is defined as 
l

U Edl  , thus (note that the line is a closed loop here): 

l A

B
Edl dA

t


 

   

From this, according to Stokes’s law (converting the closed line integral to a surface integral): 

curl  
A A

B
E dA dA

t


 

  . 

As in case of Gauss’s law, this integral equation also holds for any surface, thus the integrands 

have to be equal as well. From this we get the differential form of Faraday’s law: 

curl 
B

E
t


 


. 

Ampere’s circuital law relates the magnetic field to its electric current source. It says, that 

if we integrate the magnetic field along a closed line, the result will be proportional to the 

current I flowing through the surface closed in by the line: 

0 0

l A

Bdl I jdA    , 

where is μ0 a natural constant of the value 4π×10-7 Vs/Am, called the vacuum magnetic 

permeability, and l is the borderline of surface A. Again according to Stokes’s law: 

0curl  
A A

B dA jdA  , 

where we converted the closed line integral to a surface integral. Maxwell discovered a 

correction to this equation, namely, that a term has to be added to the current density, as time-

varying electric fields also generate magnetism. This additional term is called the displacement 

current, and its value is ε0 times the time derivative of the electric field. Taking into account 

this correction, the differential version of Ampere’s law will be (because again the integral 

equation holds for any surface, thus the arguments have to be equal): 

0 0 0curl 
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B j
t
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4.3.3 Maxwell’s equations 

The four equations listed above are the so-called Maxwell’s equations: Gauss’s law for electric 

fields, Gauss’s law for magnetic fields, Faraday’s law of induction, Ampere’s circuital law. The 

differential form of the four equations is: 
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These equations contain the electric and magnetic fields, and two functions describing the 

spatial localization and movement of charges: charge density ρ and current density j. The most 

important consequence of these equations is, that there is an interconnection between electric 

and magnetic fields, the time variation of any of the two induces the other. Even without charges 

present (i.e. in vacuum), there might be electric and magnetic fields. Let us discuss the vacuum 

case! In vacuum, there are no charges and currents, thus the above set of equations transforms 

to: 
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There is one more mathematical theorem about these vector operators we did not mention 

before. This says, that for any vector field E 
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where ΔE means the vector, the components of which are ΔEx, ΔEy, ΔEz. Using this identity, 

the above set of equations for E and B may be transformed into: 
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where c2=1/(ε0μ0) was introduced, and the equations are scalar equations for each 

component of both the magnetic and the electric fields. These equations each represent 

a well-known wave equation (see section 5.4.). 

 

Figure 23: A linearly polarized electromagnetic wave. Each of the vectors k, B and E are 

perpendicular to each other. Image is from Wikipedia. 
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4.4 Wave equation of the electromagnetic fields 

4.4.1 Solutions of the EM wave equations 

As shown before, there is a wave equation solution to Maxwell’s equations. In this case each 

component of both the electric and the magnetic fields fulfills a wave equation. However, these 

are only six equations, whereas Maxwell’s equations consist of eight ones(two scalar and two 

vector equations). Thus some information is still in there. This information is the following. 

First, the wave number vector k has to bethe same for each component of each vector. Second, 

more importantly, the following equation holds: 

k E B   

thus E and B are perpendicular to each other, and also to the wave propagation direction. 

Consequently both fields represent a transversal vector wave. If, similarly to 1.5.1, we introduce 

the coordinate system where the x direction is parallel to k, the solution is: 
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These are two perpendicular vector waves. Polarization of the waves is defined by the phases 

of the components. Circularly polarized waves were discussed in 1.2.3, see details there. One 

has a linearly polarized wave when the phases are all zero (or equal), in this case the direction 

of E and B is constant, as the sine term is always the same for each component. Figure 23 shows 

such a wave. Note furthermore that the wave propagation velocity is 

8

0 01 3 10  m/sc     , 

which is called the speed of light in vacuum, as light is also an electromagnetic wave. The 

frequency (ω/2π) or the wavelength (2π/k) is however arbitrary. As they change, we refer to 

different electromagnetic radiation types. All radiations are part of the electromagnetic 

spectrum, detailed in the next section. 
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Figure 24: The electromagnetic spectrum, showing the type, wavelength, frequency and 

corresponding radiation temperature. Image is from Wikipedia. 

Type of radiation Frequency range Wavelength range 

Ionizing radiation (gamma, X-ray) >3 PHz < 100 nm 

Ultra-violet radiation 3-0,75 PHz 100-400 nm 

Visible light 750-350 THz 400-800 nm 

Infrared (thermal) radiation 350-0,3 THz 0,8-1000 m 

Extremely high frequency (EHF) 300-30 GHz 1-10 mm 

Super high frequency (SHF) 30-3 GHz 1-10 cm 

Ultra high frequency (UHF) 

Most communication is done is this 

range: TV, GSM, 3G, WiFi, GPS etc. 

3-0,3 GHz 10-100 cm 

Very high frequency (VHF) 

This is the range of FM radio stations 
300-30 MHz 1-10 m 

High frequency (HF) 30-3 MHz 10-100 m 

Medium frequency (MF) 3-0,3 MHz 100-1000 m 

Low frequency (LF) 300-30 kHz 1-10 km 

Very low frequency (VLF) 30-0,3 kHz 10-1000 km 

Extremely low frequency (ELF) 3-300 Hz > 1000 km 

Static fields 0 Hz Infinite 

Table 1: Types of electromagnetic radiation 

4.5 The electromagnetic spectrum 

Wavelength of electromagnetic radiation ranges from the size of atoms to the radius of 

Earth. Each type of radiation is characteristically different. At one end, we have gamma 

radiation, X-rays and visible light, on the other end we have extremely low frequency fields 

generated by the 50 Hz global power network. Figure 24 and Table 1 show thee spectrum of 

electromagnetic radiations. Most important from this spectrum is visible light, while for 

communication, the UHF and VHF channels are also very important. 
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Figure 25: Electromagnetic transmittance of the Earth's atmosphere. Image by NASA 

Figure 25. shows the transmittance of the Earth's atmosphere as a function of radiation 

frequency. The atmosphere, similarly for radio waves, does not block Visible light and part of 

the infrared spectrum. Other radiations are not transmitted through the thick layer of air. For 

example this blocking of ultraviolet-, X- and gamma-rays enables life to be evolved on Earth. 

For more details about electromagnetic fields and radiations, see descriptions of lab courses 

“Microwave electromagnetic radiation” and “Low-frequency electromagnetic fields”. 

4.6 Intensity of electromagnetic radiations 

There is one more topic to discuss: the intensity of electromagnetic radiations. We did not 

acquire all information available from Maxwell’s equations. If we calculate the vector product 

of the curl equations multiplied by E and B, the following equation comes out: 
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This is a continuity equation, and it can be interpreted as the continuity of energy density with, 

if energy density e and intensity vector S (called the Poynting-vector) are expressed as: 
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where the relationship S=ce holds. Note furthermore, that according to quantum theory, the 

energy of the electromagnetic waves are carried by quanta, the so-called photons. The energy 

of one quantum, according to quantum theory, is E=hf, where h is Planck’s constant with the 

value h=6.63×10-34 Js, and f is the frequency of the wave. An alternatively valid expression is 

E=ħω, where ħ=1.05×10-34 Js=6.58×10-16eV·s. One quantum of visible light carries thus the 

energy of 5 eV (expressed in electronvolt units, which is the energy of one electron accelerated 

by one volt potential difference), while gamma particles have energies more than twenty 

thousand times higher, as the minimum energy of a gamma photon is at least 100 keV. 
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5. LOW-FREQUENCY ELECTROMAGNETIC FIELD OF COMMON 

HOUSEHOLD DEVICES 

5.1 Introduction 

In the 20th century science and technology was being developed with huge steps. The output of 

the industry of the developed countries was getting larger and larger, and parallel to that the 

amount of energy used was also growing faster and faster. Electric energy (electricity) was 

produced in centralized power plants, and the distribution system needed to transport and 

distribute this energy was also developed. At the same time, devices started to work in 

households, which use this energy. Nowadays the average electric power needed by a general 

household is approximately a couple hundred watts. For energy transportation electric networks 

were developed with alternating current, and these work nowadays under well finished 

standards. Usage of alternating current has many advantages, for example it can be transformed 

to high voltage before transportation, and large voltage means small current, so energy loss can 

be much decreased this way. The small voltage direct current networks are intensely heating up 

the wires, while this heating effect is negligible in high voltage networks. The frequency of 

alternating current networks is standardized; it is f=50 Hz in Europe, while it is 60 Hz in the 

USA. This means that electrons oscillate in the wire and the electric and magnetic field carries 

the energy towards the customer. Periodicity of the oscillation is (in Europe) thus T=1/f=20 ms 

Electric systems have a large significance in environmental physics: the electric and 

magnetic fields are mostly not constrained or localized to the given device, and they might enter 

into the human body. They can deposit their energy, heat up the cells of the given tissue, disturb 

the electric pulses of the human body or the nervous system; they can even interfere with the 

hormone production. It is well known that brain waves and heart functions are both connected 

to an electromagnetic activity. When do electromagnetic fields appear outside our devices and 

interfere with our body? Definitely yes if there are electromagnetic radiations. In the vicinity 

of low frequency devices there is no real radiation, but rather (alternating) electric and magnetic 

fields, even if electromagnetic shielding is present. Near 50 Hz overhead power transmission 

lines the electromagnetic field is quite large, but radiation power is very small. Devices that 

emit electromagnetic radiation are radio stations or mobile phones and their transmission 

towers. In almost any household device has a 50 Hz alternating field in it, the high frequency 

fields are however mostly produced by the devices themselves. Such devices are: hair-dryer, 

television, microwave oven, etc. The magnetic effect of the large current in them, or their 

electromagnetic field extends to outside the device. The effect of these electromagnetic fields 

on humans is by no means clear; it is a subject of research even nowadays. 

In this lab course we will acquaint ourselves with electromagnetic (EM) fields and the 

measurement of these; by measuring the EM field emitted by some common household devices. 

5.2 Basic notions of electrodynamics 

5.2.1 Electric and magnetic field 

When describing electricity, the quantity of electric field strength is used. This is a vector 

quantity, equal to the force that would act upon a unit charge placed at the given spatial location. 

It can be defined as qFE /


 . Electrostatic field is generated around a point-like charge (e.g. 

an electron). If the charges are moving, then the field will be changing in time. Magnetic field 

is also generated around such moving charges or time-varying electric fields, e.g. around a 

conductor with current flowing in it. We may know that there is a static magnetic field in a 

given point, that it turns a little compass (magnetic dipole) to its own direction. From the torque 
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of the rotation the strength of the static magnetic field (the magnetic induction) can be 

calculated. This is also a vector quantity, we will denote it by B


. In the lab course however, we 

will be dealing with time-varying magnetic fields. 

5.2.2 Magnetic field of current 

Moving charges create magnetic field also, besides electric field. The strength of the created 

magnetic field is described by the Biot–Savart law which we do not detail here. However, from 

this law the so-called Ampère’s law can be derived, which is part of the Maxwell-equations. 

This we also do not detail here, only one of its consequences, the magnetic field of a long 

straight conductor. This consequence states that if current is flowing in a long straight conductor 

(for example an overhead power transmission line), then magnetic field is generated around it, 

and its strength is: 
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where r is the distance from the conductor, I is the current flowing in the conductor, while μ0 is 

a natural constant of the value 4π×10-7 Vs/Am, called the vacuum magnetic permeability. This 

means that if 100 A current is flowing in a conductor and we are 10 m below it, then the 

magnetic field there will be B = 2 μT. However, in overhead power transmission lines the 

current is always an alternating current, i.e. the time dependence is I=I0sin(2f t), so the 

magnetic field will also be alternating. In this case the magnetic field will be 

0 0 sin(2 )
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i.e. for the amplitude of the magnetic field one gets 
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The direction of the magnetic field (B) is pointing always towards the tangent of a circle 

going through the given point, with the conductor being its center (this is called the right-hand 

law, as if the thumb of the right hand is directed towards the direction of the current, then the 

curved palm shows the direction of the magnetic field). 

5.2.3 Electromagnetic induction 

Since the experiments of Michael Faraday it is well known that time-varying magnetic field 

induces a curly electric field around it, and also vice versa, time-varying electric field generates 

magnetic field. Thus electricity and magnetism are interlocked, hence the name 

electromagnetism. According to Faraday’s law of induction tension (voltage) is induced in a 

ring-shaped (or any shape that forms a closed loop) conductor, if the number of magnetic 

induction lines (field lines) is varying in time. The number of field lines (otherwise called 

magnetic flux) can be calculated as =BA, where A is the area of the circle (or the area closed 

in by the loop), and B is the component of the magnetic induction that is perpendicular to the 

area mentioned before. A magnetic field parallel to the area cannot generate induction! In case 

of a closed loop, the induced tension, according to Faraday’s law, will be the time derivative of 

the flux (number of field lines) going through the given area: 

t
U ind




  

This equation is the third of the four Maxwell equations, which completely describe 

electromagnetic phenomena. If we not only have one circular conductor, but we have N loops 
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reeled around a pipe, then we are talking about a solenoid (a straight coil of wire). In this case 

the induced electromotive force (induced voltage) is N times the one given before. Given the 

definition of magnetic flux, we get: 

( )
ind
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U N N

t t

 
   

 
 

Based on this and the laws mentioned in the previous parts, if we put a solenoid near an 

overhead transmission line, then voltage is induced on the solenoid. This caused by the 

magnetic field of the overhead conductor, which is an alternating magnetic field, as discussed 

above. If a magnetic field with the time dependence of B=B0sin(2f t) is assumed, then one gets 
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thus the amplitude of the current will be  

0 0 2U NAB f  

which can be rearranged to get the strength of the magnetic field: 
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It is important, that this is only true for a harmonically varying magnetic field (with 

sine/cosine time dependence). It is important to use the real frequency of the given conductor 

or household device. One also should use SI units in the above formula (i.e. units of V, m2 and 

Hz), this way the result will be in T (Tesla) units. Note that 1 T is a very large magnetic field, 

so in practical results the unit of μT should be used. 

As in the previous example, if we have a transmission line with a current amplitude of 100 

A, a frequency of 50 Hz, and we are in a distance of 10 m (recall that the amplitude of the 

magnetic field is B0 = 2 μT here), then (if we know all properties of the solenoid) the amplitude 

of the induced voltage can be calculated. If the number of loops is N=1000, the area is A=10 

cm2, while the frequency and the magnetic field is as given before, that according the previous 

formula, the voltage amplitude will be 0.63 (double check this result, based on the previous 

formulas!). In the above formula, 1/NA2πf may be regarded as a conversion constant, as if one 

multiplies the measured voltage amplitude with it, one simply gets the amplitude of the 

magnetic field. 

5.2.4 Self inductance 

If current is conducted into a solenoid, then magnetic field is generated in it. The strength of 

this magnetic field is described by the fourth Maxwell-equation, and the results is (if the number 

of loops is N, the length is , and the current is I): 

I
N

B

0  

with μ0=4π×10-7 Vs/Am being the vacuum magnetic permeability. If however, the current is 

time-varying, then the magnetic field is also time-varying, thus the changing magnetic flux in 

the coil is generating an induced voltage in the solenoid. This is called self-induction, and the 

solenoid might be characterized by its self-inductance. This means that if the current in the 

solenoid is changing, then only because of this, voltage is generated in the solenoid (no outer 

magnetic field is needed). 
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The magnetic field is pointed towards the axis direction of the solenoid, and is homogeneous 

with a good approximation inside the solenoid. Note that the magnetic field lines cannot be 

discontinued or ended anywhere however, so there is a small scattered magnetic field outside 

the solenoid as well – where the field lines turn back outside the loops. If the current in the 

solenoid is time-varying with the function I(t), then the induced voltage is, according to 

Faraday’s law: 
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where L is the self-inductance of the solenoid, it has the unit Henry (H, equal to Vs/A). The 

minus sign means that the induced voltage has such a direction as to oppose the cause that is 

generating it – as stated by Lenz’s law. The value of the self-inductance can be read off from 

the previous formula: 
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5.3 Non-ionizing radiation and its effects 

There are a lot of research results available in this field, in particular about the heat effect of 

high frequency electromagnetic radiation and its absorption in the human body. It is important 

to investigate the biological effects of radar- and radio-technology, of household devices or 

medical applications (e.g. magnetic resonance imaging, MRI). 

Absorption of radiation in human tissue is determined by the electric permittivity and 

magnetic permeability of the given tissue. Energy is absorbed through dielectric polarization. 

If the time period of the oscillation of the outer electromagnetic field is approximately the same 

as the typical movement period (vibration, rotation) of the small dipoles (e.g. water molecules), 

then maximal absorption can be observed. This is the method of heating up water molecules in 

microwave ovens. Electric permittivity of biologically important materials depends strongly on 

frequency, and it differs largely from that of the air. Thus the amount of absorbed radiation (and 

so its biological effect) depends strongly on frequency. For example below 100 kHz the cell 

membrane screens the outer electric field, only higher frequency waves can enter the cell. The 

cell membrane, macromolecules, proteins, amino acids, peptides, water molecules all absorb 

electromagnetic radiation in different frequency ranges (frequency is growing parallel to the 

ordering of the above list). This absorption may have importance in medical diagnostics, too. 

5.3.1 Units of dosimetry 

In order to study the biological effects of radiofrequency and microwave radiation we use the 

standardized notions of dosimetry. Unit of electric field strength is V/m, that of magnetic 

induction is Tesla (T), while power per unit area (sometimes called surface power density or 

specific power) is proportional to the product of the two, and its unit is W/m2. As in case of 

point-like sources with constant power, the surface power density is inversely proportional to 

the square of the distance (as the area is squared proportional to the radius). This is only true 

however in the radiation zone, when being far enough from the source of radiation (when the 

distance is several orders of magnitude bigger than the radiation wavelength). 

However, in case of low frequency fields (below 10 kHz) the absorption in the human body 

is described by the current density in the tissue, using the unit A/m2. For example a horizontal 

magnetic field of 1 μT with a frequency of 50 Hz generates a current density of almost 5 

μA/cm2. 
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5.3.2 Radiation load of the general population 

Frequency or regular CRT (cathode ray tube) computer monitors is between 15 and 60 kHz, 

this is the frequency with which the electron beam is deflected (by a magnetic field). If sitting 

in front of such a monitor, one may experience a 10 V/m electric field or a 0.2 μT magnetic 

field approximately. In case of very low frequency fields, most important are 50 Hz fields 

because they are present in almost any household device (connected to the power network). The 

static magnetic field of the Earth is roughly 50 μT in Budapest (this is a constant value, so this 

does not appear in the 50 Hz frequency range), its natural oscillations are smaller than a couple 

times 0.01 μT. The natural low frequency background radiation around 50 Hz is roughly 0.0005 

μT. The artificial sources in this frequency range, present in households, are much bigger, 

approximately 0.2-0.3 μT. Near a 756 kV overhead power transmission line (standing on the 

ground) the amplitude of the magnetic field may be as large as 30 μT. In the absolute proximity 

of an electric shaver this value might be bigger by a couple orders of magnitude, as big as 

3000 μT. In electric power plants, average magnetic fields are around 40 μT, with rare maxima 

of roughly 300 μT. Exposition of welding workers may be as big as 130000 μT. 

In case of low frequency fields, the biological effect of magnetic field turns out to be more 

important than that of the electric field, so during the lab course we will measure magnetic 

fields. 

5.3.3 Radiation protection standards 

According to recommendations from the International Commission on Non-Ionizing Radiation 

Protection, limits of exposure due to health reasons are defined. In case of a 50 Hz frequency 

magnetic field and constant exposure, residential threshold is 100 μT, while the threshold for a 

professional environment is 500 μT. 

5.4 Lab course tasks 

The measurements are done in groups of four. We will have two solenoids available, so two 

subgroups of two have to be formed, and each will work with one solenoid during the 

measurement. The tasks are as follows: 

1. Determine the conversion constant of the solenoid as described in the previous sections. 

In order to do that, you will need the number of loops and the cross-section area of 

the solenoid, and also the field frequency. Calculate from the induction law, that if 

1 mV voltage is induced in the solenoid, how much μT magnetic field it corresponds 

to (assume a sine formed time dependence in each case), for a given frequency. What 

is the uncertainty of this conversion constant? Remember, that if you measure the 

induced voltage with a voltmeter, the displayed value will not be the amplitude U0, 

but the effective voltage, corresponding to 2/0U ! 

2. Measure the magnetic field of several devices: a CRT monitor, an electric shaver, a hair 

dryer. Compare the resulting values to health thresholds and other values given 

above! 

3. There is an underground power transmission line near the Danube side elevators of the 

North Building. Measure their magnetic field! First you have to determine the 

direction of the lines (or that of the magnetic field) by measuring the induced voltage 

in different directions. If the magnetic field is orthogonal to the cross-section of the 

solenoid, the voltage is maximal. If the direction is determined, try to find the 

location of the line by moving the solenoid around. How big is the biggest amplitude 

(in μT)? How big is this value, compared to natural backgrounds, to the static 
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magnetic field of the Earth or health thresholds? Try to shield the magnetic field 

with your hand or other objects. What do you experience? 

4. Measure the amplitude of the magnetic field as a function of distance from the floor, in 

steps of couple of centimeters. To be able to perform an uncertainty calculation, 

everyone shall do the measurement twice (at each location). Make a table from the 

results; tabularize the distance r versus measured voltage amplitude U0 and magnetic 

field amplitude B0. Make also a graph plot of B0 versus r! 

5. The next task is to determine the current flowing in the transmission line; and the depth 

of the line under the floor. The distance dependence of magnetic field, as described 

in the previous sections, is 
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where r is the real distance from the conductor, and this we do not know. Assume 

however, that the conductor line is in a depth of d, and let r be the distance we measure 

(from the floor). In this case our formula is modified as 
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Let us take the inverse of this: 

 
0 0 0

1 2
r d

B I




  . 

This is the equation of a linear curve, if 1/B0 is plotted versus r. Hence make a graph 

where 1/B0 is plotted on the vertical axes, while the measured distance r is plotted on 

the horizontal axis. Our data points will follow a straight line (a linear curve). Make a 

fit with a y=ax+b function! From the equation of the linear curve (y=ax+b), the 

amplitude can be calculated (a=2π/μ0I0), and the depth of the conductor, d, can also be 

derived. 

6. Estimate the uncertainties of the calculations. Do the above exercise for both measured 

series and estimate the difference of the results. The average will be the final result, 

while the difference of the values from the average will be the uncertainty of the 

result. 

7. Try to determine, how far one should be from the transmission line to be exposed to a 

magnetic field of 10, 100 or 1000 μT. Do the same for the field of one of the earlier 

investigated devices, e.g. the hair dryer. 

 

 

5.5 Comments, test questions 

In the lab report, note the properties of the solenoid you used. Prepare a transparent table of the 

measured and calculated quantities. In the table, one might use the convenient units of cm, mV 

or μT. In the calculations however, SI units should be used. Do not give any value with a 

pointlessly high number of decimal digits, pay attention to a rounding corresponding to the 

uncertainty of the given value. Also watch out to set the scales of the plots in such a way that 

each measured data points is on the plot, but there is not too much free space, neither. If you 

use Microsoft Excel, use the plot type XY (scatter plot). When calculating the final result, check 

if the values are meaningful. Suspect an error in your calculations if the results are absolutely 

not real (i.e. a current of I=10000 A, a depth of d=100 m or a magnetic field of B=100 T). Work 

separately, do not copy the errors of your course-mates. 
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1. How do you calculate the induced voltage in a solenoid, if the magnetic field (B) and its 

time dependence is known? 

2. What is the unit of magnetic field (magnetic induction)? What are the health threshold 

associated with it? 

3. What are the residential health thresholds for 50 Hz frequency magnetic fields in case 

of constant exposure? 

4. What will be our main device to measure the magnetic field, and what are its properties 

that we need to know in order to perform our tasks? 

5. How does the self-inductivity of a solenoid depend on its number of loops or 

geometrical sizes? 

6. How do you calculate the amplitude of the magnetic field from the measured amplitude 

of the induced voltage, if the time dependence is sine-like? 

7. How big is the static magnetic field of the Earth? And how big is the typical natural 

background radiation in the low-frequency range? 

8. On the order of magnitude, how big of a magnetic field could we measure underneath 

an overhead power transmission line? 

9. What determines the magnetic field below an overhead transmission line, its voltage, its 

current or the transmitted power? 

10. How can you determine the direction of the magnetic field, with the help of a solenoid? 

11. Assume you have a solenoid with 2000 loops and an area of 3 cm2. What was the 

magnetic field, if the induced voltage is as high as 10 mV? 

12. How big is the magnetic field in a distance of 3 meters from a straight conductor 

carrying 1 A current? 

13. We plot the measured magnetic field of an overhead transmission line as a function of 

distance (recall Ampère’s law given in the previous sections). What kind of curve do 

you expect on a B versus r graph? 
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6. MICROWAVE RADIATION OF HOUSEHOLD DEVICES 

 

6.1 Introduction 

Technology is being developed in large steps nowadays. In every household or workplace, a 

vast amount of devices are used that are working with electric power. Some of them are 

communicating with each other or some central servers through wireless communication 

channel. Wireless communication happens with the help of electromagnetic radiation; i.e. it is 

present when using radio, mobile phones, WiFi, Bluetooth or GPS devices. Other devices use 

electromagnetic radiation for other purposes, like the electromagnetic radiation inside a 

microwave oven is used to heat up food. These systems have a large significance in 

environmental physics, as the electric and magnetic fields are mostly not constrained or 

localized to the given device, and they might enter into the human body. They can deposit their 

energy, heat up the cells of the given tissue, disturb the electric pulses of the human body or the 

nervous system; they can even interfere with the hormone production. In this lab course we will 

measure the electromagnetic (EM) radiation of several common household devices.  

6.2 Electromagnetic radiation 

In radio communication, radiation is generated in a straight conductor (an antenna or a 

transmitter) where a lot of electrons are moving upwards and downwards. The direction of 

current is alternating in time like a sine function. It is well known that current generates 

magnetic field, as described by the Ampère-law: 
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where r is the distance from the conductor, I is the current flowing in the conductor, while μ0 is 

a natural constant of the value 4π×10-7 Vs/Am, called the vacuum magnetic permeability. 

Because of this, if the current is alternating, the magnetic field is alternating as well. The 

alternating magnetic field generates an electric field in any closed loop, according to Faraday’s 

law (where instead of the electric field, electric tension is given):  
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where A is the area closed in by the loop, and B is the component of the magnetic induction that 

is perpendicular to the area mentioned before. However, this electric field will also be 

alternating in time, thus again a magnetic field is generated. This way the fields are detached 

from the original conductor (the antenna) and will be (almost) freely propagating in space. This 

is called electromagnetic radiation, and is described by the wave-solution of the vacuum 

Maxwell’s equations. 

The radiation field can be detected far away from the transmitter also, its intensity decreases 

with distance. If being very far from the source (in a much bigger distance than the wavelength), 

the electric and magnetic fields have a well-known structure (as resulting from Maxwell’s 

equations). Let us denote the direction of the wave propagation k. The electric (E) and magnetic 

fields (B) are orthogonal to this vector, and also orthogonal to each other, according to the right 

hand rule (thumb finger is k, index finger is E and middle finger is B). The vector of the electric 

field, E, is parallel to the direction of the original antenna. The size of both field vectors is then 

oscillating in their fixed direction. 
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The oscillating electric and magnetic field vectors thus form a transversal electromagnetic 

wave (transversal, as the quantities oscillate orthogonal to the direction of propagation). The 

propagation velocity is the speed of light (c)in the given medium; also the general c=λf 

relationship for waves holds, with f being the frequency of the radiation and λ its wavelength. 

Thus the wavelength of a 50 Hz radiation (generated by devices connected to the regular electric 

power network) is: 
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    , 

which is on the same order of magnitude than the radius of the Earth. The radiation power of 

low frequency household devices is however very small, due to the small frequency; they 

produce an alternating electric and magnetic field around themselves instead. These devices are 

far closer to us than the wavelength. Mobile phones and similar devices use frequencies around 

1 GHz however. The wavelength associated with this frequency is 
8
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i.e. in this case the radiation field idea can be safely used. Wavelength of radio transmitters falls 

in between, their typical frequencies are around 500 kHz – 200 MHz. 

6.3 Categorization of electromagnetic radiation 

Non-ionizing radiations are electromagnetic radiations above a wavelength of 100 nm. The 

quanta of these radiations (photons) carry energies less than 10 eV, they are thus unable to 

change the electron structure of atoms or molecules. Thermal infrared radiation of room 

temperature (or temperatures on the same order of magnitude, in Kelvin of course) objects 

corresponds to a frequency of 1000-10000 GHz. Table 1 contains the names of radiations in 

different frequency or wavelength ranges. 

 

Type of radiation Frequency range Wavelength range 

Ionizing radiation (gamma, X-ray) >3 PHz < 100 nm 

Ultra-violet radiation 3-0,75 PHz 100-400 nm 

Visible light 750-350 THz 400-800 nm 

Infrared (thermal) radiation 350-0,3 THz 0,8-1000 m 

Extremely high frequency (EHF) 300-30 GHz 1-10 mm 

Super high frequency (SHF) 30-3 GHz 1-10 cm 

Ultra high frequency (UHF) 

Most communication is done is this 

range: TV, GSM, 3G, WiFi, GPS etc. 

3-0,3 GHz 10-100 cm 

Very high frequency (VHF) 

This is the range of FM radio stations 
300-30 MHz 1-10 m 

High frequency (HF) 30-3 MHz 10-100 m 

Medium frequency (MF) 3-0,3 MHz 100-1000 m 

Low frequency (LF) 300-30 kHz 1-10 km 

Very low frequency (VLF) 30-0,3 kHz 10-1000 km 

Extremely low frequency (ELF) 100-300 Hz > 1000 km 

Static fields 0 Hz Infinite 

Table 2: Types of electromagnetic radiation 
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Figure 26: The electromagnetic spectrum and the principle of radio communication 

6.4 Radiation power of electromagnetic sources 

Assume that radiation is not absorbed (converted into heat) in the medium, and draw 

imaginary spheres around the source. The energy flowing through these spheres per unit time 

is the same for all spheres, because no energy was lost in the medium. Imagine a hose that 

sprinkles water all around in the air. If one liter of water is sprinkled out in a second, then on 

all imaginary spheres (drawn around the sprinkler as source) one liter water is flowing through 

per second, independently of the radius, whether it is 10 cm or 1 m – because the water did not 

get lost during the sprinkling (we neglected the possibility of the water falling down on the 

ground). This is illustrated on Figure 21. 

Thus the energy per unit time flowing through the spheres of different radii is constant. 

However, the intensity is defined as energy flowing through unit area per unit time, i.e. 
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where P is the power of the source. This way we get a simple estimate of the distance 

dependence of the radiation intensity. Recall that the area of a sphere with radius R, i.e. being 

in a distance of R from the source is A=4R2. Using this one gets: 
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Figure 27: Illustration to the propagation of radiation from a point-like source 

6.5 Effects of non ionizing radiation 

There are a lot of research results available in this field, in particular about the heat effect of 

high frequency electromagnetic radiation and its absorption in the human body. It is important 

to investigate the biological effects of radio-technology, of household devices or medical 

applications. 

Absorption of radiation in human tissue is determined by the electric permittivity and 

magnetic permeability of the given tissue. Energy is absorbed through dielectric polarization. 

If the time period of the oscillation of the outer electromagnetic field is approximately the same 

as the typical movement period (vibration, rotation) of the small dipoles (e.g. water molecules), 

then maximal absorption can be observed. This is the method of heating up water molecules in 

microwave ovens. Electric permittivity of biologically important materials depends strongly on 

frequency, and it differs largely from that of the air. Thus the amount of absorbed radiation (and 

so its biological effect) depends strongly on frequency. For example below 100 kHz the cell 

membrane screens the outer electric field, only higher frequency waves can enter the cell. The 

cell membrane, macromolecules, proteins, amino acids, peptides, water molecules all absorb 

electromagnetic radiation in different frequency ranges (frequency is growing parallel to the 

ordering of the above list). This absorption may have importance in medical diagnostics, too. 

6.5.1 Units of dosimetry 

In order to study the biological effects of radiofrequency and microwave radiation we use the 

standardized notions of dosimetry. Unit of power per unit area (sometimes called surface power 

density or specific power) is proportional to the product of the two, and its unit is W/m2. In case 

of point-like sources with constant power, as described above, the surface power density in the 

radiation zone is inversely proportional to the square of the distance. 

Absorbed dose of a human body or any other biological system is characterized by the 

specific absorption rate (SAR). This gives the absorbed power per unit mass in units of W/kg. 

The quantity specific absorption (SA) is the time integrated version of the SAR, i.e. it is the 

total absorbed energy per unit mass, measured in J/kg. In the radiofrequency and microwave 

range the absorption rate is mainly characterized by the frequency and the water content of the 

given tissue. 

Penetration depth of the electromagnetic radiation is the distance from the body surface 

(into the body) where the intensity of the radiation falls to 1/e (roughly 36.8%) of its original 

value (at the surface). For example, at a frequency of 915 MHz (microwave oven) penetration 

depth is round 3 cm in tissues with high water content, and 18 cm in tissues with very low water 

content. Penetration depth increases with the decrease of frequency, at 10 MHz it is 10 cm even 

in case of water rich tissues. 

Tissues rich in water are for example muscles, skin, brain tissue, internal organs; tissues 

with low water content are for example bones and adipose tissue (fat). The SAR of a radiation 

absorbed in the human body is done via different calculation models, the results are usually 

given as a function of incoming surface power density and of frequency. For example, at 1 GHz 

frequency and 1 mW/cm2 surface power density a SAR of 10 mW/kg can be assumed. This 

value is strongly decreasing for frequencies below 100 MHz. 

6.5.2 Radiation exposure of the population 

Natural environmental background radiation in the radiofrequency range is smaller than 0.0014 

μW/m2. Far away from a radio transmitter, at a distance of r, the surface power density is 
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roughly 0.13 P/r2, where P is the effective radiating power of the radio source. Typical radiation 

exposure values for the population (from artificial sources) are, in the FM, VHF and UHF range: 

50 μW/m2 (70’s, USA), 20 μW/m2 (Sweden, a metropolis office boulding), <1000 μW/m2 

(Hungary, any typical residential or working area). In a distance of 30-40 meters from a 100 W 

antenna, surface power density is roughly 10,000 μW/m2. According to national and 

international standards, in a 5 cm distance from a microwave oven the maximal surface power 

density allowed is 5×107 μW/m2. 

6.5.3 Standards of radiation protection 

Recommendations of the International Commission on Non-Ionizing Radiation Protection 

contain health thresholds of non-ionizing electromagnetic radiations. There are different 

thresholds for residential and occupational radiations. In the 10 MHz – 10 GHz range the 

residential SAR threshold for the total body is 0.08 W/kg, for the head and trung 2 W/kg, while 

it is 4 W/kg for the limbs. Occupational thresholds are five times as large. In case of low 

frequency fields the values are given in units of magnetic field, but we do not detail those 

thresholds here. 

6.6 Lab course tasks 

The measurements shall be done in groups of four. There are two devices available for 

investigation: mobile phones and a microwave oven. 

1. Investigate our measuring device. What physical quantity does it display? What are its 

measurement limits (or range)? Try to measure the radiation of a Wi-Fi router or a 

mobile phone! What are typical displayed values? 

2. Measure the intensity of the mobile phone and the microwave oven at different 

distances. You will see that below a given distance (roughly 2-3 meters) the radiation is 

so strong that it is outside the range of the device. Make sure the measurement is 

consistent, try to repeat the measurements exactly the same way, just at different 

distances. In order to be able to perform a uncertainty calculation, everyone shall have 

at least two series of data points. 

3. Make a table about the measurements, with columns like the measured distance (r, in 

meters), intensity (I, in W/m2). Plot the intensity values as a function of distance! How 

does it look like, what curve it is similar to? What did you expect? 

4. The relationship between intensity and distance is, as expected, I=P/4r2. Thus replot 

the graph as follows: the vertical axis shall be unchanged, but on the horizontal axis, 

plot 1/4r2 instead of the distance. What curve do you expect? It is a linear curve, and 

its gradient is nothing else than P, the power of the radiation source. Determine this 

value by fitting a linear function on the data points! 

5. Perform an uncertainty calculation by repeating the above exercise for both datasets. 

The average of the fit parameters will be the final result, while the difference will be our 

uncertainty. 

Prepare a transparent table of the measured and calculated quantities. In the table, one might 

use the convenient units of cm or mW/m2. In the calculations however, SI units should be used. 

Do not give any value with a pointlessly high number of decimal digits, pay attention to a 

rounding corresponding to the uncertainty of the given value. Also watch out to set the scales 

of the plots in such a way that each measured data points is on the plot, but there is not too 

much free space, neither. If you use Microsoft Excel, use the plot type XY (scatter plot). When 

calculating the final result, check if the values are meaningful. Suspect an error in your 
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calculations if the results are absolutely not real (i.e. a power P=100 W, etc.). Work separately, 

do not copy the errors of your course-mates. 

6.7 Test questions 

1. Can the electromagnetic field or radiation enter the human body? How does the 

penetration depth depend of frequency? 

2. What is the wavelength of visible light and that of radio waves? What is the wavelength 

of your favorite radio station? 

3. What is the unit of absorbed dose? What are health thresholds connected to it? 

4. How can you calculate the frequency of a wave from its periodic time? 

5. How can you calculate the wavelength of a wave from its velocity and frequency?  

6. In case of constant power radiation sources, how does the intensity depend on distance? 

7. The frequency of a radi station is 100 MHz. What is its wavelength? 

8. How big is the measured intensity in 10 m distance from a radiation source with the 

power of 10 mW? 

9. We plot the distance dependence of a point-like electromagnetic radiation source (e.g. 

a mobile phone). What kind of curve do you expect on an I versus r graph?  

10. How do you modify the above plot (what should be on the axes) to get a linear curve? 

11. What is the wavelength of radiation of mobile phones and microwave ovens? 
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Chapter III.  

Environmental radioactivity I. (Measurements using X-rays and gamma-

radiation)  

There are several topics of environmental physics that are important in the future of the 

civilization. Like the great ocean streams may play important role on the issues of climate, the 

environmental friendly materials mean a big issue of the modern technology and the question 

of the energy production and the energy demand of the societies is one of the most actual topics. 

One of the energy sources that are an alternative to the greenhouse emitter fossils is the nuclear 

energy. However, it is the leading part where the technology is developed and distributed all 

over the word. Of course there are controversial aspects of this kind of energy production, as 

the use of all the other energy sources can causes various difficulties. We can understand the 

shine and the shadowed parts of the nuclear energy if we know the scientific background behind 

it. The nature of radioactivity is one basic step in this way. But not the emission of artificial 

radioactivity is the only issue, since radioactivity and the ionizing radiations are built into our 

everyday life, like its medical use, technological applications that make the live standards be 

higher. Moreover the natural radioactivity is an issue of the health of the population and natural 

radioactive isotopes are subject of scientific research as a tracer or indicator of complex 

processes.  

This book describes experimental physics methods that are subject of the laboratory 

practices. In the first three chapters we overviewed the subjects of acoustic waves and non-

ionizing electromagnetic radiation (EMR). If we increase the frequency of the EMR the photons 

of the far ultra violet region are already feasible for ionizing the outer electrons of atoms or 

molecules. There is no sharp limit between ionizing and non ionizing radiation since it depends 

on the medium. The UV photons have 3 ranges: A, B, C. The UV B photons can already split 

some organic molecules in a process that has several steps but starts with ionization or 

excitation of an electron or these can rearrange chemical bonds. Although the atmosphere 

absorbs them, the more energetic UVC photons can kill living cells, but rarely ionize the air or 

the water as a medium. The ionizing radiation starts with the X-rays (or in other words: roentgen 

radiation) that are discovered by the use of cathode ray tubes, that was the basic instrument of 

the commercial televisions years ago. The energy of the X-ray photons starts generally around 

1 keV and X-rays ionize the medium along their path.  

The gamma radiation is separated from the X-rays not based on their energy but based on 

the location of their creation. The roentgen photons are created in the electron shell of the atoms 

or by electrons slowing down or accelerated. Some particle accelerator use very high-energy 

electrons and lead them on a circular path. That has a radial acceleration, so electrons moving 

fast on a circle will radiate EMR. That is called the synchrotron radiation, that has high energy 

but it is not a gamma-radiation since electrons are the emitting substances.  

The gamma radiation comes from the atomic nucleus. There are small energy gamma-

radiations like 14.4 keV gamma-photons from the de-excitation of an iron nucleus. That is much 

lower energy than several type of roentgen radiation, but this is a gamma ray. The gamma 

photons are created always when an excited nucleus loses the excitation energy or part of it, 

and emits the energy difference in the form of electromagnetic waves. There are protons in the 

nuclei having charge, and their rearrangement in a simplified picture needs the acceleration of 

the charged particles. This de-excitation can happen by the processes where protons change 

their orbits inside the nucleus or the whole nucleus rotation slows down. (There are other 

processes also.) This is just the main picture to describe the creation of a gamma photon.  

Environmental physics uses X-ray and gamma-photons for technological benefits on one 

hand, but on the other hand these radiations are part of the natural human radiation dose. Every 
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material can contain radioactive isotopes and can emit gamma photons e.g. The natural ionizing 

radiation makes harm on living cells but the cells can react and save their normal operation. We 

are continuously target of the natural gamma and X-ray radiations, the Homo sapiens evolved 

in this environment. But there are special situations where the intensity of X-rays or gamma-

radiation is higher than expected. These factors make important to know the laws concerning 

the ionizing electromagnetic waves. Chapter V. will focus not on the ionizing electromagnetic 

waves but not on the ionizing particle radiations that is the subject of chapter V. Both categories 

have similar health effects since the ionizing processes are similar.  

In summary, chapter IV. contains experiments with X-rays and gamma-radioactivity, but in 

chapter V. there are experiments where alpha- and beta-radioactivity occurs.  

 

 

7. THE BASIC PHYSICAL PRINCIPLES OF RADIOACTIVITY 

Although this chapter is about the experimental methods that use gamma-radiation or X-

rays the general knowledge on radioactivity is summarized here at the beginning and this will 

be applicable later in chapter V., as well.  

7.1 The basic laws of radioactive decay 

 

The activity A is the decay (or disintegration) per second. In a simple decay if the number of 

decaying nucleus is N(t):   

. 

In this expression the minus sign shows that the activity is positive but the number of decaying 

nuclei are decreasing. In a decay chain for a daughter isotope the change in the number of these 

nuclei can be due to the decay but also due to their production from the mother nucleus, as well. 

Therefore the above formula is valid only for simple decays.  

 

The activity is proportional to the number of decaying atoms in a general case. A=N. This 

gives the statistical average of the decayed atoms or nuclei in a second. Generally this number 

has a statistical distribution. This is called the statistical feature of the radioactivity.  

 

The radioactive decay is described by a differential equation:  

N
dt

dN
 , 

where N is the number of radioactive nuclei ready to decay, and  is its the decay constant. 

In this case (so called “simple decay”) the solution of this differential equation is  

teNtN  0)( . 

This shows the number of radioactive atoms decreasing exponentially. This is called the 

exponential decay law. If we have N0 atoms at the beginning (t=0), then after t time there will 

be only N(t) atoms. Here  is the decay constant; its dimension is 1/s. It means how much the 

probability of the decay of one atom is in one second. 

dt

dN
A 
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Using this formula we can determine how many atoms are there in a sample after waiting 

some time, or we can calculate how many isotopes were in the sample some time before it was 

measured. The half live (T1/2) is the time during the number of particles will decrease to their 

half: 

. 

Taking the logarithm of both sides, we get the well-known formula:  

. 

If we calculate the derivative of both sides of the exponential decay law we get the 

following expression:  

A(t)= –N’(t)= – (– )N0 exp(–t)= N(t) 

Therefore: A=N. This was already mentioned above, but here is already proved. This 

expression is the most commonly used formula in nuclear analytics. This is the basic formula 

that we can use for calculating the number of a given isotope in a sample from the measurement 

of its activity.  

The heavy radioactive elements that occur in nature (238U, T1/2=4.468109 years, 232Th, 

T1/2=1.401010 years and 235U, T1/2=0.72109 years) each have long decay chains that end 

around the mass number of 210, reaching stable isotopes. During the process there are many  

and  decays, and after each of those, dozens of  photons can be emitted. 

 

7.2 The qualitative description of radioactivity  

The radioactivity or radioactive decay is the process when an atomic nucleus changes 

spontaneously. Its atomic number and mass number can be changed but it is not necessary. 

Generally at radioactive decays a fast particle is created and travels into one direction of space. 

This fast particle or electromagnetic radiation is called radioactive radiation.  

A little more general concept is the ionizing radiation. All the charged radioactive radiations 

ionize the media in that they travel. But not only these radiations can ionize. A good example 

for the difference is the protons in the cosmic rays. The protons are mostly from the Sun in the 

cosmic radiation. Their origin is not a radioactive decay. Close to the surface of the Sun there 

are time dependent magnetic fields that can accelerate the protons. Therefore fast charged 

protons are coming from the Sun without radioactivity and these particles will ionize the Earth’s 

atmosphere when they arrive. Then in the atmosphere nuclear reactions can occur. This is again 

not a radioactivity since these processes are not spontaneous. But they can produce radioactive 

isotopes. The three types of radioactive decays are the ,  and  decays. Besides these there is 

one more spontaneous change of the nucleus: the fission. Nuclear fission can happen 

spontaneously and also can be induced in the nuclear technology by slow neutrons. However, 

nuclear reactors are a very important part of environmental physics in this book we do not cover 

this issue. The main reason is that it is hardly a subject of a laboratory practice.  

7.2.1 Alpha decay  

In the course of the  decay, the nucleus emits a 4He nucleus, and its atomic number 

decreases by 2, its mass number by 4. (The mass number is the total number of neutrons and 

protons in a nuclide.) An example for the alpha decay is the decay of the radioactive noble gas 

the radon: 

 PoRn 218222 . 

)exp(2/ 2/100 TNN 

2/1
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The produced new nucleus is the 218Po, is called daughter nucleus. The fast alpha particle is 

called the alpha-radiation. The nuclear binding of this polonium isotope is stronger than that is 

in the radon nucleus. The sum of the masses of the products is less than the mass of the radon-

222 isotope. That means energy is released. This energy appears in form of kinetic energy. The 

recoil of the daughter isotope and the alpha particle can be converted to heat. The radioactive 

decay can produce more macroscopically measurable temperature raise if the activity of the 

source is high. The radioactive decays in the Earth crust also produce heat that is important in 

the Earth’s energy balance.  

7.2.2 Beta-decay  

During  -decay, only the atomic number of the nucleus is changing – increases or decreases 

by one, and its mass number stays unchanged. The beta-decay has three levels. As a nucleus 

level we can see nuclei to transform one to another. Like: 

~33  eHeH . 

Here the daughter nucleus is the helium-3. But interestingly two fast particles are created. 

Besides the beta particle, that is the electron, a neutral particle of very low mass is also 

produced, which is very weakly interacting one. This is called antineutrino.  

The second level of the beta-decay is the nucleon level. If we look at the decay above, we 

can realize that in the triton there are one neuron plus a neuron-proton pair. But in the helium-

3 there is a proton plus the neutron-proton pair. The only change that happened is on neutron 

changed into a proton. 

~ epn  

But the structures of the proton and the neutron still are similar! These two particles 

commonly called nucleon consist of quarks. These are elementary particle as the best 

knowledge of the science nowadays. The nucleons contain many quark-antiquark pairs in fact, 

although we generally say there are only three quarks. This question leads to deep part of 

particle physics. We now think of only the three quarks picture uud for the proton and udd for 

the neutron. Again the difference is more simple than expected. Only a d quark changed into u 

quark. This is the quark level of the beta-decay: 

~ eud . 

The mechanism of this decay actually is more complex. As an interesting but not very much 

important detail we mention this. When the d is transformed into u a new particle is created for 

a very short time: W- that is the exchange particle of this beta decay.  

More important feature of the beta-decay that it has very long half live in a lot of cases, 

therefore it can produce radioactive isotopes that remain in the environment for a long time. 

Alpha decay also can have a very long half-life, but this has a different reason. 

7.2.3 Gamma-rays 

The  decay leaves both the mass number and atomic number unaltered; the nucleus just de-

excites into a state that has a lower energy level, while emitting the energy difference between 

its states in the form of an electrically neutral particle, the photon (the quantum of gamma 

radiation). 

 

 

7.3 The radioactive families and the secular equilibrium 

As we have seen above, radioactive decays either decrease the mass number by 4, or do not 

change it. For example, the mass number of the members of the 238U chain are 234, 230, 226, 

222 etc., stepping down four by four. Thus, isotopes with mass number 237, 236 or 235 cannot 

be produced from a nuclide with a mass number of 238. This means, that only four decay 
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families can exist, according to the residual (0, 1, 2 or 3) from the division of the mass number 

by 4. From these families only those exist today where the half-life of the mother nuclide is not 

much smaller than the age of the Earth – these are the already mentioned three mother nuclides. 

The mother of the fourth family is 237Np with a half-life of 2.14 million years, so it has already 

decayed to extinction over the long lifetime of the Earth.  

Let us examine a decay chain where the half-life of the mother nuclide is much longer than 

the half-life of any of its daughters. In other words, the mothers decay constant is much smaller 

than the decay constant of any of its daughters. In this case, after certain amount of time, the 

activity of all the daughters will be determined by the activity of the mother. 

Let us denote the members of the decay chain by 1, 2, 3, 4, ..., where the sequence of the 

decay is of the form 1  2  3  4…. Then, the following set of differential equations will 

be valid for the decay chain: 

...
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Here, the index i denotes the respective member of the 1  2  3  4 … i … decay 

chain. A simple decay law applies to the 1 mother nuclide. The same would be true for the 

daughters too, if they were by themselves; for example, the equation 22
2 N

dt

dN
 would apply 

to N2. Since over a unit time interval λ1N1 mother nuclei will decay and become daughters, the 

number of nuclei 2 increases by that amount, not only decreases due to its own decay.  

As an example, let us assume that the half-life of nuclide 1 is 10 years, while for nuclide 2 

it is 1s. Then, after a few s, the activity of nuclide 2 will be equal to the activity of nuclide 

1, because only so many nuclide 2 can decay per second, as many has been created, per second. 

Each decay of the mother is followed immediately by the decay of the daughter. If we conduct 

a measurement, which is very short with respect to the half-life of the mother (let’s say, a few 

hours or days), the activity of the mother does not really change during our measurement. This 

means that 02 
dt

dN
. This situation – on a different time scale – is similar to that when the 

mother nuclide is 238U with T1/2=4.468109 years, since the half-life of its longest living 

daughter is only a small fraction of that (234U, T1/2=2.445105 years). In that case, of course, 

the equilibrium does not set in after a few s, only after a few million years. Based on the set 

of equations, the activity does not change if the time span of the measurement is very small 

compared to the half-life of the mother particle: 
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......321 
dt

dN

dt

dN

dt

dN

dt

dN i =0. 

From this follows that 

activityNNNN ii  ......332211  , 

which means that the activity of each daughter is the same as the activity of the mother. This is 

the equilibrium between the activities, which is called secular equilibrium. This way we can 

obtain the activity of the mother particle by measuring the activity of any of its daughters. From 

the activity and the decay constant of the mother particle, we can then easily calculate the total 

number of mother nuclides. We also know that, for example, that 238 g uranium equals 1 mol, 

in other words, 6.0221023 uranium atoms. Thus, the uranium content of the sample can be 

calculated from the number of uranium atoms. 

We can assume that a natural piece of granite rock is at least several million years old, 

therefore the secular equilibrium has set in long ago between the mother and the daughter 

nuclides. The decay chain of the 238U is the following: 
238U  234Th  234Pam  234U  230Th  226Ra  222Rn  218Po  214Pb  214Bi  

214Po  210Pb  210Bi  210Po  206Pb. 

The bold letters denote the isotopes that emit easily measurable gamma rays. In spite of the 

secular equilibrium, it is not sure that the activity of all isotopes are equal, because some of the 
222Rn (noble gas) can leave the granite by diffusion, before it decays with 3.8 days half life. In 

this case, it gets dispersed in the air of the room; its daughters will decay far from the detector 

and remain undetected. Thus, the activity of the nuclides before and after the radon in the decay 

chain can differ (as opposed, for example, to the 214Pb and the 214Bi that must have the same 

activity). In case of thin samples almost the total amount of radon can escape, in which case the 

gamma lines of the daughters are not visible in the measured spectrum. By the comparison of 

the radiation of the radium and of the radon-daughters one can even estimate the porosity – or 

diffusion constant – of the given rock sample.  

It can also happen that we find radium (226Ra) in the sample, but no uranium (i.e. neither 
234Pam, nor 235U). This is possible in case of the measurement of timescale with high radium 

content deposited on water pipes of radioactive thermal springs, or old watch dials painted with 

radioluminescent radium paint. One should be careful to interpret the measured spectrum 

correctly. 

 

7.4 The radioactive equilibrium 

 

When a radioactive mother nucleus has a longer half-life than its daughter’s, there is a chance 

to reach radioactive equilibrium. The most used type of this equilibrium is the above-mentioned 

secular equilibrium. This happens when the decay of the mother nucleus cannot be measured 

well during our characteristic time scale. For example the uranium has the half-life in the order 

of billion years. During a person’s live cycle only a negligible amount of the uranium will 

decay. The total numbers of the uranium, hence its activity, remains constant in the statistical 

uncertainties, generally. But we still observe its decay products, but this number is so small, 

and will not change the total number. There are different cases, also. For example the 222Rn has 

a half-life of 3.82 days. That is easily observable when the radon and its daughters in 

equilibrium change their activity. This time the mother’s half-life is greater than the daughters 

but not by many orders. This latter case is called the moving equilibrium. For this case we 

cannot state that we did above:  

2211 NN    
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Since the left side is the decay rate of the mother and at the same time the production rate of 

the daughter, the right side is the decay of the daughter. If these two are equal, the number of 

daughter nuclei will not change in time. But it changes simultaneously with its mother, and it 

is measurable already, in spite of the secular case.  

A little more general case of the radioactive equilibrium is when the ratio of the mother and 

the daughter activities is in between small ranges around a time dependent constant. 

  R
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D ) are the decay constant of the mother and daughter nuclei, respectively. If D >>M  we get 

the R=1 limit case, that is the secular equilibrium.  

One important aspect of this is the time that needs to reach the equilibrium. We call it access 

time. In the simple two step serial decay scheme, when at the beginning there is no daughter 

nuclei are present, the R(t)=AD(t)/AM(t) ratio can be calculated:   
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This function will reach the R- threshold during the access time. If we introduce the 

difference from the time dependent constant in relative units R-=R(1-), where (=/R), we 

can say that 
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 is the criteria to be in equilibrium. This can be reached only if D>M, 

as we restrained it in the beginning. Therefore the access time in this case is:  
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7.5 The absorption of ionizing radiation  

 

The ionizing radiation interacts with the medium in what it travels. The main process here is 

the ionization. This is where its name is coming from. The charged particle radiations simply 

interact with the Coulomb force between them and the electrons of the medium. But the neutral 

particles like X-ray and gamma photons or the neutrons first hit a charged particle and then that 

will ionize the medium.  

Charged particles stop soon in solids. The distance that the charged particles travel until 

they slow down to room temperature (or to the temperature of the medium) is called the range. 

As a general approach the range of the natural alpha-radiations, whose energy is in the 5-10 

MeV range, is in the order of 10 m. But in air, whose density is 1000 times lower, the range 

is 1000 times longer, it is about 3-10 cm. The range of electrons from beta-decays in solids is 

about several cm. These numbers depend on the parameters of the medium. This radiation can 

be stopped with a material that contains a lot of electrons. But for electron there is other process 

to lose its energy. This is the bremsstrahlung, electromagnetic radiation (X-rays) that occurs 

when an electron has acceleration, in most cases deceleration. In lead shields for example higher 

energy electrons can produce this radiation.  

Our first subject is the thickness dependence of the gamma ray absorption. There are several 

reaction types, which can absorb the gamma photons. These are the photoelectric effect, the 

Compton effect and the pair production. The interaction of a certain energy gamma or X-ray 

photon and an electron via these processes has a probability depending on the photons energy. 
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The probabilities of atomic processes are described by the concept of the cross section. That 

gives the number of reaction in a unit time (Nr) including some other parameters: dxINr  , 

where I is the intensity of the radiation, I=N/t, N is the number of photons going through 

during t time,  is the particle density of the medium, dx is the thickness of a thin layer, and 

 is the cross section. The tNR r  number of reactions will reduce the N after the dx zone. 

So we can write for the decrease of the intensity that N/tbefore-R=N/tafter, therefore Iafter-

Ibefore=-R/t = Idx and from this we can get the differential equation: I
dx

dI
 . The 

solution of this is  
xeIxI  0)( , 

the exponential weakening of the intensity. The more absorbing material we put into a given 

volume, or the more we increase the thickness, the intensity loss follows these exponentially.  

This law is valid for gamma rays and X-rays, but for visible light, infrared and UV photons 

also. The main concept is that it should be neutral particle interaction. Photons do not slow 

down, as the alpha- and beta particles but they disappear by photoeffect or pair production or 

they change their energy by Compton effect. There are actually other processes also with much 

less importance. Like gamma-photons can interact with the nuclei of the atoms.  

7.6 The origin of natural rock and soil radioactivity 

The isotopes of uranium and thorium, and their daughter products (members of their decay 

chains) can be found abundantly in the outer layers of the Earth: 232Th, 238U, 235U and their 

daughters. We are going to examine a granite sample with high uranium content, and estimate 

its 238U–concentration. Besides, the radioactivity and composition of several other natural 

samples will be studied. 

The average uranium content of the soil is a few mg/kg (or g/t), in other words, a few ppm 

(parts per million). Of course, the observed values can vary widely. It is notable, that the 

uranium concentration can be quite high close to volcanic mountain regions. There are certain 

locations famous for their surface rock layers with high uranium content, like in Kerala, India. 

Soils with more than average radioactivity can be found also in Hungary. Those are located 

primarily in the vicinity of our andesite- and granite- based mountains, like the Velencei-

hegység or the Mecsek.  

Another source of the natural surface radioactivity is the potassium isotope with the mass 

number 40, whose relative abundance among all potassium isotopes is 0,0117%. The 40K 

isotope decays to 40Ca with -decay, or (with 10,7% probability) to 40Ar. (During the -decay 

the nucleus emits an electron or a positron, while its atomic number increases or decreases 

respectively, by one, but its mass number does not change.) In the latter case each decay is 

followed by a radiation of a -photon with energy of 1460 keV1 (the  radiation consists of 

photons, the quanta of the electromagnetic field). The presence of the radioactive potassium, 

with a half life of 1.248 billion years, can be detected in virtually all soil samples, since the 40K 

appears in the energy spectrum with a single, well separable γ-energy. Thus, it is easy to tell it 

apart from the radiation of the uranium and thorium daughters. In the latter cases, the decay 

chain is long and more than a hundred gamma-energy shows up in the spectrum, originating 

                                                 
1 We are using the eV (electron volt) as the unit of energy: the amount of kinetic energy gained by an electron if 

accelerated through a voltage of 1 V. With SI units, 1 eV=1.610-19 J. The thousand- and millionfold of this 

quantity are also often used, that are the keV and the MeV. 
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from the many daughter products. The radiating isotopes can be identified via the determination 

of the -energies. 

Among the artificial radioactive isotopes, the 137Cs (with a half life of 30 years) can be 

detected most easily in soil samples, which originate from the atmospheric nuclear bomb 

experiments and from the fallout that followed the nuclear power plant accident in Chernobyl.  

The method to be demonstrated on this laboratory exercise is rather general; it is also used 

to determine the radioactive levels of the building materials at construction projects, or to 

examine the soil at a construction site. The decay chain of the uranium contains a radioactive 

radon isotope, the 222Rn, which is a noble gas, and can escape from the soil or from the rocks 

by diffusion. Since the half life of the 222Rn is 3.8 days, it can exit the soil or building materials 

and mix into the air, and may accumulate in the air of the rooms in buildings. The decay 

products of the radon easily stick to dust particles, and can enter the respiratory system (lungs) 

by breathing, and emit significant amount of –radiation.  

In the course of the –radiation the decaying nucleus emits a He nucleus (called –particle) 

with an energy of a few MeV. The –particle is doubly charged (contains two protons), 

therefore it ionizes strongly the materials it passes through, and decelerates quickly. While 

external –radiation is already absorbed in the human skin, the total energy of the above 

described internal –exposure is deposited inside the human body, and strains the sensitive 

inner organs. 

In order to avoid high radon concentration in buildings, it is advised to examine the soil at 

the construction site already before the work starts. Dross from forges was often used as a 

building or insulating material. Dross often contains – depending on its origin– an elevated 

level of 238U due to the burning process. (For example uranium level of dross from Tatabánya 

in Hungary, have been shown to be elevated.) It is known, that the radioactivity of these building 

materials can be of a concern. Besides the higher gamma dose it produces in the building, the 

radon concentration can be higher than average there. It is because the higher uranium content 

means higher radium content (radioactive equilibrium) and the bricks, blocks of this material 

having high gas permeability, so radon can escape out of these.  

The same measurement method can be used to examine the uranium and thorium content of 

the rocks below surface, for mining exploration purposes. 

We emphasized the gamma-radiation of the mentioned radioactive materials, since that is 

the radiation that is important for us at this laboratory exercise. However, the alpha- and beta-

decaying isotopes dominate among the daughters of the uranium and thorium. These charged 

particle radiations get almost immediately absorbed in the soil sample itself, already after a 

short distance. Large volume samples thus emit almost exclusively gamma-radiation, which 

can be detected with our experimental setup. 

The aim of this laboratory exercise is to get familiar with the reasons for natural rocks and 

soils to show radioactivity, and to learn an experimental method that is widely used in 

examinations of environmental samples. During this process, we will discuss those – sometimes 

complex – problems that have to be solved by the experimenter in order to apply the method in 

a reasonable and reliable way. 

 

 

 

7.1 The radiocarbon and the tritium in our environment 
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7.1.1 The origin of the tritium and the radiocarbon  

 

We saw that neutrons can be produced in the upper layer of the atmosphere. These neutrons hit 

another atomic nucleus. Mainly oxygen and nitrogen nuclei are available. If a neutron hits a 14N 

nucleus it can hit out a proton and it can build into the place of the proton.  

pCnN  1414 . 

The short description of this reaction according to the nuclear physics tradition: 14N(n,p)14C. 

This is the way in which the radiocarbon (the radioactive isotope of the carbon element) appears 

in the Earth, first in the upper layer. But its half-life is 5730 years and this time is very long 

compared to the time scales of the circulation and the diffusion, convection that happens in the 

atmosphere. This radiocarbon will be built into the live organisms, cells. For example the 

photosynthesis builds the CO2 into the body of the plants, so they put 14C into the plant. The 

animals will eat that and in the food chain these isotopes can be mixed into every kind of living 

object. The radiocarbon is present in its equilibrium concentration in for example trees or in the 

human body as well. Although the radiocarbon decays in the bodies but while those are living 

they will take it also. At last an equilibrium concentration will be reached, that is 
14C/12C=0.510-12. 

The neutron in the upper atmosphere can collide to the nuclei in different ways also. They 

can hit the same 14N nucleus but it can pull a proton and a neutron out with itself. Several other 

reaction mechanisms can be imagined, but these two have the highest probability, because in 

these very stable nuclei will be formed. In these reactions the electric charge and the number of 

nucleons (proton number and the neutron number) are conserved. Before the reaction there were 

a 14N nucleus and a neutron present, where the sum of the electric charge is 7 times the 

elementary charge, and the sum of the nucleon number is 15. After the reaction the carbon has 

only 6 elementary charges and the tritium has one. The nucleon numbers are 3 in the tritium 

and therefore the A=12 isotope of the carbon will be formed, which is very stable isotope. 

HCnN 31214   

The atomic nucleus which consists of 1 proton + 2 neutrons is called triton (this is the nucleus 

of the element tritium). This is the A=3 isotope of the hydrogen. Its half-life is 12,3 years, which 

is long enough to participate in the environmental processes. This can be built into the live 

bodies similarly to the 14C, and there is an equilibrium concentration of it. The tritium can 

appear in the water molecules mostly, but not exclusively. It can reach the surface waters like 

ocean, rivers, and lakes. But the subsurface hydrogeological flows have so long time scale 

(more than thousands of years), so in those the tritium will decay to zero. This is a big 

difference, and a possible method to determine whether the water sample comes from a long 

hydrogeological flow or its origin is instead from a fresh precipitation. The equilibrium 3H 

concentration of the surface rivers and rains is less than this for the 14C, since the tritium decays 

faster. Its 3H/H ratio is 10-18.   

 

7.1.2 Environmental activities of tritium and radiocarbon  

 

In subsurface water flow the tritium activities are falling according to the exponential decay 

law. After 12.3 years the surface equilibrium concentration will be only the half of it and there 

is no way to supply it. Generally after t time the initial activity A0 will fall to:  
tTTt eAAtA   )/2(ln

0

/

0 2)( , 

where T is the half-life of the tritium. There is no supply alike the case of the subsurface flow, 

if we close the water into a bottle. In this way the natural equilibrium concentration that is 

formed in grapes and surface waters will be smaller and smaller during the time goes by. 

Therefore when the wines are closed in a bottle the tritium activity falls according to the rule 
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above. If we determine the tritium activity on the other hand, we can tell the age of the wine in 

a time scale of 1-50 years. The older liquids generally contain so few amount of tritium that 

only with expensive precision methods can be successfully determined its concentration.  

For the radiocarbon the equilibrium activity concentration e.g. in a tree is 0.154 Bq/kg. If 

the tree dies the radiocarbon activity starts to fall exponentially, since there is no supply. This 

is how the age of a tree can be determined besides the counting of the annual rings. In the last 

60 years the nuclear tests modified these radioactivity concentrations, unfortunately.  

The radiocarbon chronology is good in the time range of thousand years, until about 30 000 

- 40 000 years. Therefore the radiocarbon chronology gives information about the age of 

historical events.  

 

The tritium and the radiocarbon are present in the human body according to the 

mentioned equilibrium activity. Therefore everyone is slightly radioactive. In the radioactive 

decay of these isotopes small energy electrons leave the decaying nuclei, and these electrons 

will be stopped in some micrometer. The cells absorbs ionizing dose in this process, many 

molecules in the cell will be ionized. This radiation will not leave the body. Since the origin is 

from inside the body it is called inside dose. This has been going on for millions of years since 

the life appeared on Earth, and it is a part of the functioning of the body. The civilizations 

although are capable to increase this natural level of radioactivity. Therefore there are strict 

rules for the allowed radioactivity concentrations in water. This is a check also for illegal 

nuclear activities around the world. The International Atomic Energy Agency runs a worldwide 

monitoring system that checks the radioactive levels continuously.  

 

7.1.3 The decay of the tritium and the radiocarbon  

 

The triton and the radiocarbon as we already mentioned decays by beta-minus-decay. 

In both nuclei there are more neutrons than protons, and there are more neutrons than in the 

most stabile isotope of the element. In the stable hydrogen the nucleus is a single proton. In the 

tritium there are 2 more neutrons. The most stable carbon has 6 neutrons, while the radiocarbon 

has 8. In the beta-decays of these isotopes 1 neutron will transforms to a proton in a beta decay 

that is governed by the weak interaction. The weak interaction is one of the nature’s elementary 

interactions. In this process an electron (or its antiparticle the positron) and one kind of neutrino 

will participate. In the beta-minus-decay the neutron is converted to proton and the nuclear 

structure will be more effective, the final nucleus has larger binding energy after the neutrons 

and the protons realign. During the neutron  proton conversion the mass number of the 

nucleus will not be changed, but the atomic number increases by one, since there will be one 

more proton. (In the other type of the beta-decay, in the beta-plus-decay, the case is opposite 

the proton converts to neutron.)  

veNCeHeH ~,~ 141433  
           

In the neutron  proton conversion according to the conservation of the electric charge 

there should be a negative charge to be released. This is the electron, and due to the main 

features of the weak interaction an anti-neutrino will be also created. It is interesting that in this 

process the energy released in the reaction will be divided into three ways. One part will go to 

the remaining (daughter) nucleus, one part goes to the electron, and the third goes to the 

antineutrino. The first is negligible, since the nucleus has large mass compared to the light 

particles like electron and neutrino. The electron and the anti-neutrino will share almost the 

total decay energy. The decay energy was determined already in the XX. century by mass 

spectrometers. The decay energy can be calculated from the masses: 

keVemHemHmQ 6.18)()()( 33    
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keVemNmCmQ 5.156)()()( 1414    

 

The maximum electron energy (when the neutrino does not get any) is 18.6 keV and 

156.5 keV, and both are less than the rest energy of the electron, that is 511 keV. This is another 

contribution why we call these small energy decays.  

 

There are several natural radioactive isotopes in our environment. The most well known ones 

are the uranium and the thorium that can be found in the soil everywhere, and their daughter 

products. The half-life of the most abundant isotopes of the uranium and the thorium are 4.4 

billion and 10 billion years. These are longer than the age of the Earth. At the creation of the 

material of our Earth there were several radioactive atoms but most are decayed into stabile 

isotopes already a long time ago. The long half-life isotopes such as 235U, 238U, 232Th, 40K to 

mention the most important ones survived. These isotopes are in several types of rocks, and 

they appear in every kind of soil. Their concentrations are sometimes small, but sometimes can 

be higher, too. These are the first group of natural radioactivity. But there are other radioactive 

atoms in our environment, different from these ones. The reason how the others can appear is 

those are produced continuously. The main source of it is the cosmic radiation. The fast protons 

coming from the Sun can enter to the upper atmosphere and they can collide to the nuclei of 

nitrogen and oxygen atoms that are available in O2 and N2 molecules. If the energy of the 

colliding proton is not very high in the collision the protons and the neutrons will be the 

participants. The proton can hit a neutron out of a nucleus for example, that will make a neutron 

flux at the upper atmosphere. Several reactions can happen and many isotopes are produced. If 

their half-lives are long enough those can mix up in the whole atmosphere taking part in the 

great circulations, and then these isotopes can spill out from the air to the ground with the 

precipitation. These isotopes can accumulate homogeneously in the atmosphere. Their 

equilibrium concentration is determined by their production rate namely the cross section of 

those reactions and their half-life.  

The third group of naturally occurring ionizing radiation consists of the cosmic showers. 

The cosmic protons have many times higher energy than a typical energy of a nuclear physics 

reaction. In this case particle physics will govern a process. The protons can interact to a smaller 

part of the colliding nucleus. The quarks inside will be the participants of the reactions. In these 

reactions new particles can appear. In a proton nucleus collision a new particle for example a 

pion can be created. The pions then will decay into muons. The muons are like the electrons, 

are elementary particles but they have about 200 times larger mass. These muons will go 

through the atmosphere and reach the surface even though they enter to the ground and will 

slow down there. During these processes new photons and electrons can be produced in a 

cascade process. These are the cosmic showers. Their extent can be several hundred meters on 

the surface.  

 

 

 

8. DOSIMETRY 

 

8.1 Overview of dosimetry  
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8.1.1 The general concepts of the dosimetry 

 

The control over a work phase that uses ionizing radiation has three aspects: i) reasonability, 

ii) optimization of shielding, iii) restriction of radiation dose. The necessity of using ionizing 

radiation should be proved and explained. If an application can be executed without radiation 

the necessity is not valid, the radiation cannot be used. The absorbed dose during a work should 

be minimalized using shields. Of course more money cannot be spent on building a shield than 

the amount we are producing with the use of the radiation. The volume and the material of the 

shield should be calculated and unnecessary materials cannot be built in. The optimization of 

the shielding is important, and generally includes investigation of the setup from geometric 

point of view, the movements of the sources, and the times should be optimized with the 

shielding. The third aspect requires limits of radiation doses. This is a complex regulatory 

system. There are limits on the dose for the whole body, for specific tissues (like: eyes, skin), 

for a year duration and for 5 years duration, too. But always the most important rule is that the 

dose should be measured. The dosimeters are used for this purpose. Therefore dosimeters 

should detect not only counts, but also energy that is lost in the material, or some other property 

that is proportional or at least depends monotonic way on it.  

Another phrasing of these concepts is the ALARA (or ALARP) principle: “As Low As 

Reasonably Achievable” or in Britain “As Low As Reasonably Practicable”. The reasonable is 

a question that should be approached from different aspects, like what we mentioned above.  

 

8.1.2 The principles of protection  

 

The protection from the radiation that is used or its remaining part that can hurt the human 

health has three posts. a) distance, b) time, c) shielding. The activity of the radioactive source 

or the intensity of the X-rays is given for a given work, it cannot be changed. Instead, the 

workers should be protected. Since the radiation travels to every possible direction of space its 

intensity is decreasing by the 1/r2 law. This helps to avoid higher doses. The minimum distance 

from the source has to be elaborated and as far as it is possible. The radiation sources, for 

example, should be taken by nippers. The absorbed dose is proportional to the time of 

absorption. The work should be planned in that way the minimum time should be stayed at the 

source. The shielding is an important part of the protection, also. Enough shielding should be 

used as planned.  

 

8.1.3 Measurable doses 

 

The United Nations Scientific Committee on the Effects of Atomic Radiation has been 

collecting data on several aspects of dosimetry and developed a well-established system for 

measuring and evaluating doses. The health hazards were investigated for several cases and the 

information is accumulated. These are the fact bases of the dosimetric standards, the used 

constants and methods.  

The dosimetry is based on the concept: dose. (On those that can be measured or at least can 

be estimated.) The first type is the absorbed dose. This is the absorbed energy per unit mass of 

a homogeneous material. Generally the material means a tissue of the body, but it can be a test 

material for detector investigation or simulation.  

D=dE/dm. 

Where D is the absorbed dose, dE is the energy absorbed in the material having mass dm. 

Its unit is [D]=J/kg=Gy (gray).  
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But the biological effects of the different type of radiations (alpha, beta, gamma, neutron or 

proton) can be different. This is because these particles interact in different way with the 

material of the cells. Mainly the ionization density can be different for electrons and alpha 

particles. That results in a situation where in one cell there will be much more free radicals or 

more proteins will lose their secondary structure. The reaction of the human processes can 

handle these ionizing densities in different way. Therefore the equivalent dose will describe the 

intensity of the biological harms of the absorbed dose:  

HT,r=QrDr 

This depends on the r radiation and is associated to a T tissue. The dimension if the 

equivalent dose is called Sievert: [H]=Sv=J/kg. The J/kg still valid here, but the meaning is 

much different than in the case of absorbed dose. The Q-values are Q=1 for electrons, gammas 

and muons. Q=5 for protons, Q=5-20 for neutrons depending on its energy and Q=20 for alpha 

particles.  

Different tissues have different complexity and sensitivity for radiation harms. The dose 

type that characterizes the effect for the whole human body is called the effective dose. 

 
T

TT HwE
 

Here the weight factors wT are effective for a T tissue. Many years of research resulted in 

these values. The dimension of the effective dose is the same as for H, this is Sievert. The film 

badge dosimeters will determine an effective dose, and this is the dose type for that the most 

regulations apply.  

 

8.1.4 Dose ranges  

 

The effective dose is calculated for one year period. During one year people absorb 

continuously doses from natural sources: the background gamma radiation, the cosmic 

radiation, mainly the dose from muons. The people contain radioactive isotopes like 14C, 3H, 
40K. The dose of these radioactive isotopes is also continuously reaches the cells. A big fraction 

of the natural dose is coming form the radon daughters. As a survey of United Kingdom reported 

the effective dose from the mentioned parts of the natural ionizing radiations are the following: 

cosmic 12%, gamma background (terrestrial, building material) 13.5%, internal dose 10%, 

artificial dose (medical dose mainly) 14.5% and the radon 50%. The total amount for an average 

citizen is 2.6 mSv. (Source: National Radiation Protection Board.) This dose per year has been 

the environment of people for millions of years.  

The other end of the scale of the doses is the half lethal dose that is about 7 Sv. This happens 

only in case of accidents and for only a few people. Although in case of radiation therapy several 

steps of 2 Sv is used for curing patients in hospitals. There is a factor of about 3000 between 

the two sides of this scale that is surprisingly narrow.  

The radiation dose can cause two types of biological effects. One is the stochastic effect 

that has a probability, and there are no necessary serious biological consequences. If there is, it 

evolves many years later than the irradiation happened. Above 300 mSv there is a deterministic 

effect of the irradiation. The effects happen within one day or some days. These are not 

necessary lethal illnesses.  

The radiation dose presents a health risk. But all the occupational activities have health risk, 

as well. In construction industry and chemical industry there are accident during work that are 

dangerous. We can calculate a risk level that is average for the population and therefore is 

widely acceptable. This is the population averaged workplace risk. That radiation dose which 

causes this average risk is feasible for a society. If someone’s work is changed and a different 

type of work will happen, the risk is unchanged. This dose is 20 mSv nowadays in the EU, but 

it is a country dependent value, the life standards affect it deeply. It is worth to mention that the 
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natural dose is only a factor of 10 smaller than the dose limit for radiation workers. In case of 

an anomalous natural environment the natural dose can raise and the certain dose can exceed 

the limit for workers. Of course that is not applicable for the homes but points out the 

importance of the high natural doses. To be able to avoid to build new houses onto radon rich 

soils is for example one of the valuable result of the common effort of environmental physics 

and geology on the population.  

  

8.2 Dosimetry with a digital Geiger counter 

 

 
Figure 32. The FH40G-L10 digital Geiger counter used in this lab. 

 

 

8.3 Lab course 

 

In this lab course, the task is to understand how the gamma-radiation changes by distance from 

a gamma-ray source. This source is a Uraninite rock in the mineral museum in the South 

building of ELTE. You will work in groups of fours. Although everybody shall have his/her 

own set of measurements. On the analysis you can work together. Don’t forget that the device 

is measuring dose power, which you will have to convert into intensity by multiplying the 

previous by a reference area. 
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Figure 33. The mineral museum in the southern building (left); The dose power of 

different crates found in the mineral museum (right). 

 

crate/mineral distance dose power 

6.c 50 cm 
6 µSv/h ± 0.6

 µSv/h 

6.c/uranit at glass 
82 µSv/h ± 3

 µSv/h 

9.h 50 cm 
473 nSv/h ± 34

 nSv/h 

9.h/autunit at glass 
1.9 µSv/h ± 0.2

 µSv/h 

10.d 50 cm 
1050 nSv/h ± 75

 nSv/h 

10.d/autunit at glass 
19.8 µSv/h ± 0.8

 µSv/h 

12.b 50 cm 
850 nSv/h ± 82

 nSv/h 

12.b/schrockin. at glass 
27.6 µSv/h ± 1.9

 µSv/h 

15.a 50 cm 
1.31 µSv/h ± 0.07

 µSv/h 

15.a/uranit at glass 
39.1 µSv/h ± 1.5

 µSv/h 

 

 

1. Investigate our measuring device (in fig. 12.1). What physical quantity does it display? What 

are its measurement limits (or range)? Try to measure the natural background (far away from 

any potential source)! What are typical displayed values? 
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2. Measure the dose power of the Uraninite rock at different distances. Keep in mind, that the 

rock is not a point source. In order to treat it as a point source you need to be far enough from 

it. Make sure the measurement is consistent, try to repeat the measurements exactly the same 

way, just at different distances. In order to be able to perform a uncertainty calculation, 

everyone shall have at least two series of data points. 

3. Make a table about the measurements, with columns like the measured distance (r, in meters), 

dose power (DP, in nanoSv/h). Do not forget that you will need to change all values into SI 

units in the end. Plot the dose power values as a function of distance! How does it look like, 

what curve it is similar to? What did you expect? 

4. The relationship between doe power – or intensity if you multipiled the does power by a 

reference area – and distance is, as expected, I=P/(4r2). Thus replot the graph as follows: the 

vertical axis shall be unchanged, but on the horizontal axis, plot 1/(4r2) instead of the distance. 

What curve do you expect? It is a linear curve, and its gradient is nothing else than P, the power 

of the radiation source. Determine this value by fitting a linear function on the transfomed data 

points. The power shall be given in Watts. In order to achieve this you need to multiply the 

measured values by 1 kg/m2, which is the reference area. 

5. Perform an uncertainty calculation by repeating the above exercise for both datasets. The 

average of the fit parameters will be the final result, while the difference will be our uncertainty. 

 

Prepare a transparent table of the measured and calculated quantities. In the table, one might 

use the convenient units of cm or nSv/h. In the calculations however, SI units should be used. 

Do not give any value with a pointlessly high number of decimal digits, pay attention to a 

rounding corresponding to the uncertainty of the given value. Also watch out to set the scales 

of the plots in such a way that each measured data points is on the plot, but there is not too 

much free space, neither. If you use Microsoft Excel, use the plot type XY (scatter plot). When 

calculating the final result, check if the values are meaningful. Suspect an error in your 

calculations if the results are absolutely not real (i.e. a power P=100 W, etc.). Work separately, 

do not copy the errors of your course-mates. 

 

8.4 Test questions 

 

1. What is the ALARA principle?  

2. How do we control the use of radioactivity at a workplace?  

3. What are the dose quantities?  

4. What kind of dose limits do you know? To whom are these applicable? 

5. How does the intensity of a radioactive radiation change by distance from a point 

source? 

6. What types of radiation do you know of? Where are they used in healthcare or industry? 

7. What is the natural background? What kind of radiation does it consist of?  

8. What is the connection between dose and intensity? How to calculate one from the 

other? 

9. How does the radiation intensity change with distance? 

10. How to plot radiation intensity to obtain a linear dependence? 
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9. AN ALTERNATIVE GAMMA SPECTROSCOPY MEASUREMENT 

USING THE KROMEK GR1 DEVICE 

9.1 The basic operation of the device  

The Kromek GR1 device is the world smallest room temperature gamma spectrometer (see 

Figure 34). It utilize a 1 cm3 CZT solid state detector. The CZT (Cadmium zinc telluride, 

sometimes written as CdZnTe) is a room temperature semiconductor that directly converts 

gamma photons into electrons and holes. The negatively charged electrons and positively 

charged holes then migrate to the oppositely charged electrodes where they are collected. The 

resulting charge pulse is then detected by the preamplifier, which produces a voltage pulse 

whose height is proportional to the incident energy of the incoming photon. The signal from 

the preamplifier is then fed into a shaping amplifier that converts the signal into a Gaussian 

pulse and amplifies it. The signal is finally fed into the Multi-Channel Analyzer (MCA) to 

generate the characteristic spectrum for the incoming photons. The MCA uses a fast analog-to-

digital converter (ADC) to record the incoming pulses and stores information about pulses. In 

pulse-height analysis (PHA) mode of MCA, used by the Kromek GR1 device, the pulses are 

counted based on their amplitude. The number of different amplitudes that are counted depends 

on the number of channels of the MCA, which is 4096 for our device. In this way a histogram 

of channel number against number of counts can be produced. Such a histogram i.e. a measured 

pulse height spectrum is shown in Figure 35 as an example.  

Figure 34: The Kromek GR1 device in a human hand. 

Figure 35: An example output of an MCA used in PHA mode i.e. a measured pulse 

height spectrum (gamma spectrum of caesium-137). 
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9.2 Basic interpretation and analysis of pulse height spectra 

If one measures the gamma ray spectra of radioactive natural rocks, e.g., Uraninite and 

Thorianite which contain radiocative uranium and the thorium isotopes, several peaks are 

observed, similarly as it is shown in Figure 35. These multiple peaks emerge from the 

radioactive decays of the daughter isotopes of the corresponding decay chain. The different 

radiating isotopes can be identified via the determination of the gamma-energies. 

An analysis of the peaks in a measured pulse height spectrum yields the peak position (or 

centroid), 𝑝. In order to relate 𝑝 to the gamma-ray energy 𝐸, an energy calibration has to be 

performed. For calibration, a spectrum must be measured with known gamma ray peak energies. 

Because the channel number is proportional to energy, the channel scale can then be converted 

to an energy scale. However, in this lab course, we do not carry out a calibration procedure.  

 

The photopeaks have Gaussian shapes. After choosing the region of interest (ROI) in the 

measured spectrum, i.e., a peak, a Gaussian curve, 𝑦(𝑥) = 𝐴𝑒−(𝑥−𝑝
2)/2𝜎2 ,can be fitted to it 

revealing its properties: the amplitude (𝐴), the standard deviation (𝜎), the centroid (𝑝), the full 

width at half maximum (FWHM, which is proportional to 𝜎) and the area of the peak (number 

of counts in the peak). Because some radioactivity is present everywhere (i.e., background 

radiation), the spectrum should be analyzed when no source is present as well. The background 

radiation must be subtracted from the actual measurement. Unless a calibration procedure is not 

carried out the peak position or centroid is given by a channel number, similarly the FWHM is 

given by the appropriate number of channels while the peak area is given by the number of 

counts.  

 

An important quantity is the intensity of radiant energy. This is the power transferred per unit 

area, where the area is measured on the plane perpendicular to the direction of propagation of 

the energy. The intensity of a single gamma ray with a given energy is proportional to the area 

of the corresponding peak.  Consequently, the intensities of the single gamma rays can be 

calculated from the peak area if the efficiency of the detector is known.  

 

An example for a Gaussian fit of the peak is shown in Figure 36.  

Figure 36: Example for a Gaussian fit of a gamma ray peak. 
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9.3 Lab course 

In this lab course, the task is to understand: 1) how the gamma-radiation changes by distance 

from a gamma-ray source; 2) how the absorbed gamma radiation at a fixed distance depends 

on the exposure time. The source is an Uraninite rock in the mineral museum in the South 

building of ELTE. You will work in groups of fours. Although everybody shall have his/her 

own set of measurements. On the analysis you can work together. The Kromek GR1 device is 

measuring gamma ray pulse height spectra (similar to Figure 35), which you will have to 

analyze by Gaussian fits using the KSpect software (the basic usage of the software will be 

learned during the measurements, but you can check also the manual at 

https://www.kromek.com/wp-content/uploads/2018/10/MSA-User-Manual-V22.2-PDF-

A4.pdf). 

1. Investigate our measuring device, the Kromek GR1. Measure the gamma ray spectra of 

the Uraninite rock at the closest possible distance (at the glass) but varying the 

measurement time. For example, do a 1 minute measurement and then gradually 

increase the measurement time up to 7 minutes. Compare the result of the seven 

measurement, i.e., the gamma ray spectra! The KSpect software can be used to 

superimpose several spectra to one graph. Choose an optimal measurement time: not 

too long measurement which results in a quiet good intensity profile. 

2. After choosing an optimal measurement time, try to measure the natural gamma ray 

background spectra (far away from any potential source)!  

3. Measure the gamma ray spectra of the Uraninite rock at different distances. Compare 

the spectra measured at different distances. Compare the results also to the background 

spectra.  

4. In order to be able to perform an uncertainty calculation, everyone shall have at least 

two measured spectra first with the same exposure time and then at the same distance. 

5. Analyze the spectra measured at different distances and with different exposure time! 

Choose the most visible and separable peak which is located at the same channel number 

for each spectra.  One by one fit the chosen gamma ray peak with a Gaussian curve. The 

area of a peak, which is proportional to its intensity, is obtained from the Gaussian 

analysis in units of number of counts. Using the KSpect software, the background is 

automatically subtracted. 

6. Make two tables about the measurements: 1) with columns like the measurement 

distance (r, in centimeters, cm) and peak area (A, in number of counts, noc); 2) with 

columns like the measurement time (t, in minutes, min) and peak area (A, in number of 

counts, noc). Perform an uncertainty calculation. 

7. Plot the peak area values as a function of measurement distance! Plot the peak area 

values as a function of measurement time!  How does it look like, what curve it is similar 

to? What did you expect?  

Prepare a transparent table of the measured and calculated quantities. Do not forget to give the 

units of the quantities as well. Do not give any value with a pointlessly high number of decimal 

digits, pay attention to a rounding corresponding to the uncertainty of the given value. Also 

watch out to set the scales of the plots in such a way that each measured data point is on the 

plot, but there is not too much free space, neither. If you use Microsoft Excel, use the plot type 

XY (scatter plot). Work separately, do not copy the errors of your course-mates. 

 

https://www.kromek.com/wp-content/uploads/2018/10/MSA-User-Manual-V22.2-PDF-A4.pdf
https://www.kromek.com/wp-content/uploads/2018/10/MSA-User-Manual-V22.2-PDF-A4.pdf
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9.4 Test questions 

1. What is the ALARA principle?  

2. How do we control the use of radioactivity at a workplace?  

3. What are the dose quantities?  

4. What kind of dose limits do you know? To whom are these applicable? 

5. How does the intensity of a radioactive radiation change by distance from a point 

source? 

6. What types of radiation do you know of? Where are they used in healthcare or 

industry? 

7. What is the natural background? What kind of radiation does it consist of? 

8.         What is shown in a pulse height gamma spectrum? 

9. How can one obtain the intensity of a gamma ray from the corresponding peak in the 

spectrum? 

9. How does the radiation intensity change with distance? 

10. How does the radiation intensity change with exposure time? 

 

9.5 References 

https://www.kromek.com/product/gr1/ 

https://www.kromek.com/cadmium-zinc-telluride-czt/ 

https://en.wikipedia.org/wiki/Multichannel_analyzer 


